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PREFACE 


The contribution that the study of physics can 
make to general education is well expressed 
in a report prepared for the International Con- 
ference on Physics Education, Paris, 1960*: 
“Physics is not a collection of ‘facts’ which can 
be learned; it is a highly imaginative intellectual 
structure of concepts that gives a meaningful 
and creative picture or model of such of man's 
experiences of the world in which he lives as 
it has yet been possible to integrate into a 
consistent whole. It is a picture that is con- 
stantly being given further detail and some 
parts of which are occasionally being redrawn. 


* The Teaching of Physics in Schools, prepared 
by a committee of the Organization for European 
Economic Co-operation, under the chairmanship 
of Mr. Norman Clarke. 


TO THE STUDENT: The main purpose of 
Matter and Energy is to help you to learn 
about the description of experience that physics 
provides. However, there is more to physics 
than is contained in this book. The text in- 
cludes descriptions of experiments that you 
can perform, and lists of inexpensive books 
for supplementary reading. These books will 
enable you to discover more about topics that 
you find particularly interesting. 

You will find it helpful early in the year 
to examine the Table of Contents to gain 
some idea of the arrangement and scope of the 
text. The introductory material in the Pro- 
logue will take on greater meaning as your 
study proceeds. It would be worth your while 
to read it several times during the course of 
the year. The most precise descriptions in 
physics are framed in mathematical terms, 
graphs and algebraic equations. The transla- 
tion of a physical situation into an equation 
or formula is one of the most important tasks 
in physics. You will find a review of essential 
mathematical ideas in the second part of the 
Prologue. 


The reasons why physics has a place in a 
child's education are firstly that the story of 
the drawing of that picture is a remarkable 
tribute to the power of the human mind and, 
secondly, that the model of nature that physics 
provides is a necessary component of any 
fruitful modern thinking about some of the 
most important of the perennial problems that 
man has to attempt to solve as a social being." 

Matter and Energy is à survey of some of 
the foundations of modern physics. The auth- 
ors wish to encourage consideration of all 
aspects of physics: performing experiments, 
discovering laws, solving problems, inventing 
concepts, and creating theories. Historical ref- 
erences have been included in a number of 
places to stress the idea that physics is a human 
creation. 


A. necessary part of the preparation for 
the performance of an experiment in class is 
a careful reading of the instructions. Ques- 
tions to be answered require you to be observ- 
ant throughout the experiment. All experi- 
ments should be reported neatly and accur- 
ately in your notebook. Any calculations re- 
quired should be included in the report. De- 
ductions and conclusions should be clearly 
distinguished from direct observations. The 
composition of the report should conform to 
sound principles of English usage. 

Your study of physics includes learning 
about the accomplishments of physicists, and 
provides you with an opportunity to undertake 
some of the activities of physics. These will 
assist you to gain an appreciation of the work 
that physicists have done. Physics has been 
developed by men who have made full use 
of their hands, eyes and brains. Their work 
has provided us with the mature science we 
find today. As Newton wrote: "If we can 
see farther than our forebears it is because 
we are standing on the shoulders of giants." 
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On fait la science avec des faits comme une maison avec 
des pierres, mais une accumulation des faits n'est pas 
plus une science qu'un tas de pierres n'est une maison. 


—Henri Poincaré, 1854-1912. 
La Science et ! Hypothése, 1902. 


Science is built with facts just as a house is built with 
bricks, but a collection of facts cannot be called a 
science any more than a pile of bricks can be called a house. 


PROLOGUE 


THE FOUNDATIONS OF PHYSICS 


The objective of scientists is to describe human 
experience as simply and completely as pos- 
sible. Many of our direct sense experiences 
are studied in the branch of science called 
physics. Parts of physics are concerned with 
describing what happens when we see a falling 
star, or hear a robin, or touch a block of ice. 
What happens inside our bodies when we 
experience these events is extremely compli- 
cated, so physicists have concentrated their 
efforts on describing what produces the sense 
impression. By the middle of the nineteenth 
century there had developed several branches 
of physics: mechanics to describe motions and 
forces, optics to describe light and vision, 
acoustics to describe sound and hearing, and 
thermics to describe heat and the sensations 
of hot and cold. Our senses of sight, hearing, 
and touch are the bases for these branches of 
physics. 

Whatever the branch of physics, there are 
certain requirements for the work of physicists 
to be fruitful. The quotation from Poincaré on 
the opposite page suggests that a diary of every- 
thing one saw and heard and touched would 
not be a part of science, but just a pile of facts. 
Normal experience is so rich and varied that 
it defies simple description. Physicists isolate 
bits of the universe in their laboratories to be 
able to study the relations between single 
events, They also isolate ideas: The colours 
of all objects can be studied separately from 
any other property. 


Two of the foundation stones of physics are 
the invention of concepts or ideas that refer 
to a property such as colour or speed that is 
common to many objects, and the examination 
of the relations between these properties of ` 
objects in controlled experiments. The appa- 
ratus is isolated as far as possible from un- 
wanted influences, and physicists seek rela- 
tions between factors they can control, within 
the closed system. One could consider a ball 
of lead hanging by a string from a rigid sup- 
port as a closed system of support, string, and 
ball. By changing one property at a time (the 
size of the ball, the length of the string, or 
the amount of swing) it is possible to deter- 
mine the effect each has on the time required 
for one complete vibration. 


METHODS OF SCIENCE 


Although humans do not possess electric or 
magnetic senses the study of electricity and 
magnetism has also become a part of physics. 
The early study of magnetism forms the basis 
of the following conversation to describe some 
scientific methods. It can be imagined to 
have taken place in England at the time of 
Shakespeare (about 1600). A student is dis- 
cussing magnetism with a ship’s captain who 
has recently returned from a voyage on the 
Atlantic, where he made measurements with 
magnetic compasses for a natural philosopher 
' (scientist). 
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Fig. 1. These diagrams were originally published in 
1600 by Dr. William Gilbert in his book On The Magnet 
to support his theory that the earth is a magnet. They 


STUDENT: This bit of iron behaves strangely. 
Does it point northward only here in England? 


CAPTAIN: No. Throughout my recent voyage on 
the Atlantic it always pointed in the same general 
direction. You must realize, of course, that it 
does not always point exactly northward—the 
direction changed slightly as we sailed. 


STUDENT: I have always supposed the action to 
be the result of the earth’s rotation on its axis. 
Is that possible? 


CAPTAIN: If that is so, why should iron be the 
only material that behaves so? I think we'd better 
find our philosopher and ask him. 


(They do so.) 


PHILOSOPHER: If this effect belongs only to iron 
we should enquire what properties iron has that 
distinguish it from other materials. We find that 
natural magnets .. . 

STUDENT: Loadstones! 


PHILOSOPHER: . will attract only iron. Also, 
if an iron bar is rubbed with a loadstone, it then 
gains this property of being able to attract other 
pieces of iron. 

CAPTAIN: That’s the way we prepared the needles 
for our compasses. 

PHILOSOPHER: So it seems reasonable to suggest 
that the effect of pointing northward is due to 
magnetism. 

STUDENT: What is magnetism? 
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show how fine pieces of iron wire and compass needles 
tended to point towards the poles of his magnetic model 
of the earth. 


PHILOSOPHER: If you want to know the cause of 
magnetism—I don’t know. Otherwise, “magnet- 
ism” is the name we give to the property of load- 
stones and iron to attract bits of iron. It will 
serve no purpose to guess wildly about the causes 
of magnetism. Besides, there is still a lot to be 
learned about how magnets behave. For the 
present, it would be best to say that “magnetism” 
is a convenient label to attach to the list of proper- 
ties of iron related to its ability to attract other 
pieces of iron. 

By many careful experiments we have discov- 
ered that there are regions on a magnet where its 
attracting ability is strongest. Generally, there 
are two of these poles, located on opposite parts 
of the magnet. Further, if a loadstone is floated 
on a cork on water, one pole always takes a posi- 
tion toward the nórth. It is called the north- 
seeking or north pole. The other pole is called 
the south-seeking or south pole. 

After identifying the poles of several magnets 
by this means, we discovered a regular relation. 
Any north pole will always attract any south 
pole, while two north poles repel each other and 
two south poles repel each other. This has been 
Observed many times by many people. We are 
therefore justified in stating the law that like 
poles repel and unlike poles attract. 


STUDENT: A compass needle's position can be 
controlled by another magnet, and on the earth 
one pole points northward, but not due north. 
There must be a magnetic star toward the north 


that is not directly above the earth's axis. Com- 
pass needles point toward it. 
CAPTAIN: But a star not directly above the axis 
would be in a different direction each hour of 
the day. Then a compass would keep changing 
direction even in one location. But it doesn't! 
PHILOSOPHER: Quite right, Captain. Our student 
guessed too quickly. A guess about the cause of 
an event is called an hypothesis. Your observa- 
tion seems to have disproved our student's hypo- 
thesis. 

Several years ago I chose a different hypothesis. 
I based mine, as Student did his, on the laws of 
magnetic action, and on various observations. 
Then I tested it. So far my hypothesis has not 
been disproved. As a matter of fact, I have 
recently published it along with the results of my 
observations and experiments. I have presented 
to other scientists the theory that the earth is a 
magnet. 
STUDENT: Can you ever get right down inside 
the earth and prove that it is a magnet? 
PHILOSOPHER: No, that is very unlikely. But I 
expect that my theory will be accepted as long 
as no observations are found to contradict it. 
Or until someone is able to construct a theory 
that is in closer agreement with observations 
than mine. 
CAPTAIN: But you have subjected your theory to 
tests? 
PHILOSOPHER: That's right. First of all, my the- 
ory has to fit the facts already known. The big 
problem was the variation in direction at different 
locations. I supposed that the poles of the "earth 
magnet" are not located on the axis of the earth. 
Then, using a spherical loadstone to represent 
the earth, I marked geographic poles a short dis- 
tance from the magnetic poles. When I observed 
the directions pointed by a small magnetic needle 
near the loadstone I found that they were agree- 
ably close to the results Captain had brought 
back from an earlier expedition. 
STUDENT: I’m sold. The earth must be a magnet. 
PHILOSOPHER: Not so fast young man! As many 
as possible of a theory’s consequences should be 
tested. The theory may predict effects never 
before observed—if they are found, the theory 
becomes better established. That is how science 
develops: Each new answer brings along new 
questions. 
CAPTAIN: Was that why I made measurements 
with that new kind of compass on my last voyage? 
PHILOSOPHER: Exactly. You see, I had suspended 
my magnetic needle by a thread over the spherical 
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loadstone. As well as lining up north and south 
the needle was inclined at an angle to the surface. 
The needle “dips” so that its pole is pointing 
more or less directly toward the pole of the 
loadstone [Fig. 1]. I made a series of measure- 
ments of this “angle of dip”; and then I was 
anxious to have Captain’s measurements in dif- 
ferent latitudes for comparison. 


STUDENT: What did you find Captain? I guess 
that near the equator the dip angle would be quite 
small. Right? 


CAPTAIN: Just so. Philosopher tells me that the 
measurements with his model of the earth check 
pretty well with mine at sea. At a point near 
the equator the dip angle is zero. Farther south 
the south end of the compass dips down; the more, 
the farther south. And as we returned north from 
the equator the angle of dip northward increased 
steadily. 

PHILOSOPHER: You were very doubtful at first 
Captain. Remember how you said, “Oh, that’s 
just a theory’? 


CAPTAIN: I’m slowly catching on to this idea of 
science. As your theory becomes more likely 
(or should I say, less unlikely) it will be of great 
use to map-makers. And the new voyages into 
the Pacific will be less uncertain with the confi- 
dence we can place in the theory. 

PHILOSOPHER: Yes. And even if corrections are 
necessary in the details of the theory as new 
observations are made, the Pacific navigators will 
have a firm basis to start from. 

STUDENT: It bothers me, Philosopher, to think 
that scientists cannot tell why there is magnetism. 
But then, I suppose being able to do things with 
magnetism—knowing how magnets behave—is 
of more value than trying to find out what causes 
it. 

PHILOSOPHER: After all, what we really know, is 
just how magnets act in various circumstances. 
The laws that we discover from experiments are 
very long lived. Many theories have only a rela- 
tively short life. But, just like men who die 
before they’re thirty, sometimes theories accom- 
plish great things in a short time. 


The theories of modern physics consist 
largely of mathematical formulations. Often 
they are built upon hypotheses about the ulti- 
mate elements of matter and energy and rela- 
tions between them. Then certain quantitative 
properties are deduced from a theory and com- 
pared with experimental results. The choice 
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between competing theories is made on the 
basis of their accuracy and simplicity. Since 
the building of theories is part of the work of 
physicists it is clear that their activities include 
thought and imagination as well as measuring 
and observing. They manipulate ideas, num- 
bers, and algebraic symbols in addition to 
items of concrete apparatus in their labora- 
tories. 


THE RISE OF PHYSICS 


Since physics is a human activity it is worth- 
while to have some idea of the way in which 
it has developed. The dependence of theory 
and experiment, each on the other, so essen- 
tial in modern physics, did not develop until 
the seventeenth century. Before then, there 
were philosophical systems, airy theories sup- 
ported by little evidence, and separate facts of 
experience correct in themselves but not con- 
nected by any consistent view of the universe. 
It was the genius of men like Galileo and New- 
ton in the seventeenth century that set scientists 
upon the path they have followed ever since. 

Some Greeks in the last centuries of the 
pre-Christian era developed ideas that have 
had a long influence. There was much specu- 
lation about the nature of material things. The 
philosopher Aristotle (384-322 B.C.) sup- 
ported the idea of “four elements." All ma- 
terial objects were considered to consist of 
various proportions of earth, water, air, and 
fire. Opposed to this view was that of the 
atomists, associated with the names of Demo- 
critus (about 460-370 B.C.) and Epicurus 
(341-270 B.C.). An Epicurean poet named 
Lucretius wrote: “Material objects are of two 
kinds, atoms and compounds of atoms. There 
is an alternation of matter and vacuity." Atoms 
were considered to be tiny bits of a single ma- 
terial, whose various combinations give rise to 
the multitude of properties that we experience. 

The ideas of Aristotle and Democritus 
formed parts of complete Systems that were 
designed to explain the structure of the whole 
universe. An important characteristic of Greek 
philosophy was its development of rational 
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thought. Deductive reasoning was highly de- 
veloped, and its use in the geometry of Euclid 
(about 300 B.C.) has remained a model for 
mathematics and philosophy through the cen- 
turies. 

The Greek philosophers and their successors 
were concerned with the causes of events, and 
described them in complete systems that in- 
cluded all experience. An effective programme 
for physics was not established until the seven- 
teenth century when men aspired to more mod- 
est objectives. Sir Isaac Newton (1642-1727) 
stated that his purpose was "to derive two or 
three general principles of motion from phe- 
nomena, and afterwards to tell how the prop- 
erties and actions of all corporeal things fol- 
low" even if the causes of the principles were 
not known. Newton followed his own pre- 
scription to describe the production of the 
spectrum of white light in a prism. And he 
may be credited with establishing a consistent 
theory that described the motions of both pro- 
jectiles on earth and planets in the solar sys- 
tem. 

Newton's work on the laws of motion and 
force was based in part on the work of Johann 
Kepler (1571-1630) in Germany and Galileo 
Galilei (1564-1642) in Italy. The idea that 
the planets followed perfect circular orbits had 
been inherited from the time of Aristotle. Kep- 
ler used nightly observations of the position of 
Mars to determine that its orbit was elliptical. 
When Galileo, the first man to use a telescope 
for astronomical observations, saw the moons 
of Jupiter and the mountains on the moon, he 
became convinced that planetary matter and 
motion were of the same nature as matter and 
motion on the earth. He also supported the 
idea of Copernicus (1473-1543) that the earth 
was a planet that revolved with the other 
planets about the sun, contrary to the popular 
opinion of the times. Galileo's description of 
the way objects fall near the earth's surface 
was extended by Newton to include planetary 
motion. 

In the eighteenth century, Joseph Black 
(1727-1799) established the study of heat on 


a firm basis. An understanding of static elec- 
tricity was also developed during this century, 
and Benjamin Franklin (1706-1790) and 
Charles Coulomb (1738-1806) made impor- 
tant contributions in this field. 

The study of current electricity dates from 
the invention in 1800 of the voltaic cell by 
Alessandro Volta (1745-1827) for the pro- 
duction of a continuous flow of electricity. By 
1822 the work of André Ampére (1775-1836) 
had established the laws of motion for electric 
currents. In the same period Thomas Young 
(1773-1829) and Augustin Fresnel (1788- 
1827) were able to establish the wave nature of 
light. 

About the middle of the nineteenth century 
James Joule (1818-1889) and Hermann von 
Helmholtz (1821-1894) proposed that motion 
and heat, light, sound, and electricity could all 
be described in terms of a single concept, ener- 
gy. The later work of James Maxwell (1831- 
1879) who produced a general theory of elec- 
tricity and magnetism, completed the process 
of unification begun by Joule and Helmholtz. 
As the nineteenth century drew to a close 
physics could be considered to consist of only 
two branches: the study of matter and motion 
that included thermics and acoustics; and 
the study of electromagnetism that included 
optics. 

The older divisions remain, sometimes for 
the sake of an introductory study, sometimes 
for the sake of their engineering applications. 
Despite the continuation of unnecessary sub- 
division, physics today can be described gen- 
erally as the study of the properties of matter 
and energy. These two are the fundamental 
concepts upon which the physical description 
of experience is based. 


PARTICLES OF MATTER 


Ideas about the particle structure of matter 
began with the Greek atomists, and were re- 
vived to form a fruitful theory of matter at 
the beginning of the nineteenth century. How- 
ever, the full power of this notion was not 
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realized until early in the twentieth century. 
Unit IV of this book is devoted to a descrip- 
tion of how the modern picture of the structure 
of matter was developed. Since some of the 
basic ideas will be useful before that unit, we 
introduce here a brief outline of the modern 
picture. 

We begin at the very heart of matter with 
small, dense particles called nucleons, so tiny 
that if a million million of them could be laid 
in a line they would extend a distance of about 
one millimetre. Nucleons are lumped together 
in clusters to form the nuclei (singular, nucleus) 
of atoms. The nuclei of different kinds of 
matter may contain from one to two hundred 
and sixty nucleons. The total number of 
nucleons in a sample of material is a measure 
of the quantity of matter in the sample, or its 
mass. In all ordinary changes of matter from 
one form to another there is never any change 
in the total number of nucleons involved. That 
is the basis for the important generalization 
called the conservation of mass: the total mass 
in a closed system does not change. 

There are two kinds of nucleons in atomic 
nuclei. One kind of nucleon is the proton, 
a particle with a positive electrical charge. 
Nuclei of the atoms of different chemical ele- 
ments contain from one to one hundred and 
three protons, depending on the element. The 
other kind of nucleon, the neutron, has a zero 
electrical charge. There are large nuclei that 
contain as many as one hundred and fifty-five 
neutrons. 

The nucleus of an oxygen atom can be visu- 
alized to have the structure shown in Fig. 
2(a). The atom itself has a diameter that is 
about one hundred thousand times the diam- 
eter of the nucleus. The volume of the atom 
is filled with electrons, negative electrical 
charges smeared through space. Each electron 
has a charge that is equal and opposite to the 
charge of a proton. For the atom to be neutral, 
the number of electrons must equal the num- 
ber of protons in the nucleus. The electrons 
are grouped into more or less distinct shells 
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Proton 


Neutron 
f 


NUCLEUS ATOM 
(Enlarged one million (Enlarged one hundred 
million times) million times) 

(a) (b) 


Fig. 2. An atom of oxygen is composed of a nucleus of 
protons and neutrons surrounded by zones or shells of 
electrons, These atoms normally pair up by sharing 
electrons. 


(like the layers of an onion) each consisting 
of a definite number of electrons as illustrated 
in Fig. 2(b). 

The electrical charges in atoms conform to 
à conservation principle, just as the masses do. 
The conservation of electric charge means that 
the total charge does not change; that is, that 
the total charge in a closed System is always 
the same. 

Atoms have a tendency to combine with 
each other to produce a more stable structure 
than they can have alone. For oxygen, greater 
stability is obtained when atoms combine in 
pairs with their outermost electron shells over- 
lapping as shown in Fig. 2(c). By sharing 
electrons the two atoms form an oxygen mole- 
cule. A water molecule is formed by the 


Nucleus Atom 


MOLECULE 
(Consists of two atoms joined 
by sharing electrons) 

(c) 


sharing of electrons between two hydrogen 
atoms and one oxygen atom. 

Atoms may join together in ways other than 
by sharing electrons. Atoms may lose or gain 
one or several electrons. The resulting struc- 
tures are called ions, charged either positively 
or negatively. Electrical forces between oppo- 
sitely charged ions are able to hold the ions 
together in a regular arrangement. Materials 
formed in this way will be described later. 

The full significance of the ideas contained 
in this picture of nuclei and atoms depends on 
a knowledge of how the ideas were developed. 
Much of the work in your physics course is 
devoted to building up the ideas and experi- 
ences that form the fabric of the modern pic- 
ture of the structure of matter. 


Red blood cell Dime Man 


Mount Everest 


THE LANGUAGE OF PHYSICS 


"Philosophy is written in this grand book, the 
universe, which stands continually open to our 
gaze. It is written in the language of mathe- 
matics, and its characters are triangles, circles, 
and other geometric figures without which it is 
humanly impossible to understand a single 
word of it.”—Galileo, 1623. 


Physicists examine natural events by measur- 
ing physical quantities. A physical quantity 
may be defined simply as a measurable prop- 
erty of an object. If the object is a balloon, 
or an atom, or a galaxy, a scientist can measure 
the quantity called diameter. If he wishes to 
describe the air in the balloon he might measure 
the quantity called temperature. The measure- 
ment of any physical quantity involves a nu- 
merical value (or magnitude) and a unit. It 
is the purpose of this chapter to outline how 
to handle magnitudes, units, and the relations 
between physical quantities, for "number is 
the language of physics." 


THE MAGNITUDES OF PHYSICAL 
QUANTITIES 


A useful description of objects is provided by 
their size—the quantity of length, or distance, 
or diameter, or height. Let us specify some 
length measurements in the unit, the metre 
(abbreviation, m). Human beings are gener- 
ally somewhat less than 2 m tall. The range 


Fig. 3. Linear dimensions in nature range from the in- 
finitesimally small to the immeasurably large—from the 


One light 
year 


of familiar lengths extends from the diameter 
of a hair to the distance that could be walked 
in two or three hours: from about 0.000 01 m 
to about 10000 m. By scientific methods 
the length range can be extended to include 
the diameter of an atomic nucleus, about 
0.000 000 000 000 001 m, and the distance to 
the farthest observed galaxy, which is about 
100 000 000 000 000 000 000 000 000 m. For 
such a range of magnitudes our usual way of 
writing numbers is rather inconvenient. 

These numbers are difficult to read because 
of having to count a large number of zeros. 
In a widely used method of writing such num- 
bers, the zeros are already counted. The 
method uses indices to represent powers of 10. 
From algebra we know that the fifth power of 
X, OF xxxxx, is written x^. The “x” is called the 
base, and the “5” is called the index. Then we 
can write 10 000 m as 10* m, and the distance 
to the farthest galaxy as 10?9 m. The index 
laws summarized in the box on the next page 
provide the rules for performing operations 
with powers, and lead to a method for writing 
small magnitudes. 

The diameter of a hair is about 0.000 01 m 
Or Yoo ooo M. Since this number can be writ- 
ten as 149? m, it can also be written as 10-5 m 
(read as “‘ten-to-the-minus-five metres"). Prac- 
tice with multiplying and dividing powers of 
ten, both positive and negative, will give you 
confidence with this notation. 


diameter of an atomic nucleus to the distance to the 
farthest galaxy. 


10?5 Metres 


Earth's orit 


. Distance to 
/ ve, : farthest galaxy 
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INDEX LAWS 


(1) Multiplication 
GG e anth 
eg, (x2)(3)2 xt? = x5 


since  (xx)(xxx) = xxxxx 


(3) Negative index 
To divide x? by x5: 


DI 


1 dps 
So, x-— 5) a oe 


m Example 1: How many times is the distance 
10 000 m greater than the diameter 0.000 01 
m? 


Solution: Find the number of times that 10* 
is greater than 10-5, by calculating the quo- 
tient, 


H 
a = 10t-(-5 = 10#+5 = 10°. 


The larger distance is one billion times greater 
than the diameter of a hair. Or, one could say, 
one billion hairs laid side by side would extend 
across ten thousand metres. 

A quantity could be represented by a power 
of ten alone if one is interested only in the 
approximate order of the magnitude. This is 
one step better than saying “very tiny,” or 
“gigantic,” and so on, Yet, when investigating 
a new quantity, a physicist may first be con- 
cerned to find its order of magnitude. For 
example, is the diameter of an atom thou- 
sandths or millionths of an inch; is the speed of 
light thousands or millions of miles per sec- 
ond? An order of magnitude chart of distances 
is provided in Fig. 3 to illustrate the relative 
sizes of things. Order of magnitude judg- 
ments can be useful in estimating the result 
of a complicated calculation, providing a check 
on the correctness of the arithmetic. 
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(2) Division 


Therefore, x9 = 1. 


THE ACCURACY OF MEASUREMENTS 


In the eighteenth century the speed of light 
was known to be about 300 000 000 metres 
per second. To make the order of magnitude 
of the quantity readily apparent, it is written 
3 x 105 m/sec. This way of writing numbers 
is called standard form. The speed of light 
is now known to be 299 800 000 m/sec. To 
convert the number to standard form, the 
decimal point is moved to the left until one 
digit remains to the left of the decimal, and 
the resulting number is multiplied by the power 
of ten with an index equal to the number of 
places moved: 2.998 x 10* m/sec. 

Accuracy is a way of describing how close 
a stated number is to the actual magnitude of 
the quantity it represents. If the length of a 
football field is measured as 101 metres to 
the nearest metre, that means that 101 m is 
within half a metre of the actual length. That 
is, the length of the field is between 100.5 m 
and 101.5 m. As far as possible measured 
numbers are written with the number of digits 
that permits one to say with confidence that 
the actual value of the quantity is within ?4 of 
the unit of the last digit. For example, the 
speed of light is between 299 750 000 m/sec 
and 299 850000 m/sec. The last digit is the 
8 in 2.998 x 10° m/sec. If desired, the accu- 


racy of the number can be shown: 
(2.998 = 0.0005) x 108 m/sec.* 


The accuracy of a number is indicated by 
the number of measured digits that it con- 
tains. If the speed of light is written as 
299 800 000 m/sec, the five zeros have only 
a place-holding value; the measured digits are 
2998. This number is said to have four-digit 
accuracy. For less accuracy the number is 
rounded off to the desired number of digits. 
The speed of light to three-digit accuracy is 
3.00 x 108 m/sec. The zeros in 3.00 are 
measured digits because the actual value of 
the speed of light is certainly between 2.995 
x 109 m/sec and 3.005 x 10° m/sec. 

To summarize the handling of accuracy in 
standard form: 


(i) Move the decimal point so that one non- 
zero digit is located to the left of the decimal 
and multiply by the power of ten needed to 
establish the correct magnitude. 


(ii) On the basis of the actual process of 
measurement decide which digits in a number 
can be considered to be measured digits, and 
round off the number to include only measured 
digits. When a single 5 is being discarded in 
rounding off, round off to the nearest even 
digit, e.g. 1.725 to 1.72, 6.75 to 6.8. 


This method can be used equally well with 
numbers that are greater than one or less than 
one. 


m Example 2: A measuring microscope has 
a scale divided in millionths of a metre. A 
careful observer can estimate to the nearest 
tenth of a division. A clump of seven red 
blood cells (stacked like coins) is measured 
to be 14.9 divisions long. Calculate the aver- 
age thickness of one red blood cell. 


Solution: The unit on the scale is 0.000 001 m. 
The thickness of 7 cells is 0.000 014 9 m (3 
measured digits). 


* The speed of light is actually known more pre- 
cisely: 2.997 93 x 108 m/sec. 
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The average thickness of one cell is 
0.000 0149 ^ L 0,000 002 128 57... m. 
Follow the rules above: 

(i) Move the decimal six places to the right, 
and multiply by 10-°: 

27128 577 c x 10:59 ff: 

(i) The average thickness can be expressed 
to three digits; round off the calculated number 
to three digits. The average thickness of a 
red blood cell is thus given as 2.13 x 10-9 m. 

A number that is calculated from measured 
numbers must have the same number of digits 
as the measured number with the least number 
of digits. If one measured number has three- 
digit accuracy, and another five-digit accuracy, 
their product can have an accuracy of only 
three digits. Throughout the text the numbers 
in problems are generally limited to two-digit or 
three-digit accuracy. Upon occasion, to avoid 
complications in arithmetic, one-digit numbers 
are used. 


SYSTEMS OF UNITS 

A physical quantity is expressed as a certain 
number of some unit. The need for units is 
evident when you realize that a length of three 
depends greatly on whether it is 3 inches or 
3 yards. The requirements of industry, com- 
merce, and science dictate that there shall be 
standard units. Every unit *yard" must be 
the same length (within the limits of measur- 
ing accuracy). The international science of 
the twentieth century requires internationally 
agreed upon standards. Three fundamental 
quantities are length, mass, and time. It has 
been agreed throughout the world that the 
standards of these quantities shall be the metre, 
the kilogram, and the second, respectively. As 
far as possible the units for other quantities 
are based on these three. The three standards 
are the units which form the basis of the metre- 
kilogram-second (MKS) system of units. Two 
other widely used systems have standards de- 
fined in terms of the MKS system: the foot- 
pound-second (FPS or British) system, and 
the centimetre-gram-second (CGS) system. 
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Table 1 
SYSTEMS OF UNITS AND ABBREVIATIONS 


QUANTITY MKS 


AND SYMBOL 
Length (4) 
Mass (m) 
Time (t) 


1 metre (m) 
1 kilogram (kg) 
1 second (sec) 


NOTE: All relations stated in this table are 
which is defined to be exactly 0.453 592 37 


The three systems and the relations between 
their units for the fundamental quantities are 
shown in Table 1. 

The standard form notation can be used 
with any multiple or fraction of any unit. 
However, if one uses a particular fraction or 
multiple of a unit frequently, it is convenient to 
use a simple word instead of a power of ten. 
For that reason a number of prefixes have been 
authorized. They are summarized, with their 
meanings, in Table 2. These prefixes should 
be treated as numerical factors by which the 
basic unit is multiplied.* 

Using these prefixes, one could call the speed 
of light "thirty megametres per second" (30 
Mm/sec), and the time for light to travel 


3 metres, 
3m *U M 
3x l0 m/sc |) € 
z 10 x 10-? sec 


10 nsec (ten nanoseconds). 


Table 2 
PREFIXES FOR 
DECIMAL FRACTIONS AND MULTIPLES 


ABBREVI- 
ATION 


PRONUNCI- 
ATION 


pea’coe 
nay’noe 
my’croe 
mi/lea 
sen'tea 
ki/loe 
me’gah 


PREFIX 
pico- 
nano- 
micro- 


MEANING 
10- 


1027 
10-5 
10-* 
107? 
108 
10° 


milli- 
centi- 
kilo- 
mega- 


FPS 


1 foot (ft) = 0.3048 m 
1 pound (lb) = 0.4536 kg 
1 second (sec) 


ccs 


1 centimetre (cm) — 0.01 m 
1 gram (g) = 0.001 kg 
1 second (sec) 


exact by definition, except for the pound, 
kilogram. 


SYMBOLS AND RELATIONS FOR 
PHYSICAL QUANTITIES 


In a general discussion of physical quantities 
it is often unnecessary to refer to definite 
values. Indeed it may be useful not to be 
restricted to a particular case. To be able to 
refer directly to the physical quantity in ques- 
tion it is useful to represent it by a symbol, a 
general value, as in algebra. But in physics 
we are dealing with quantities (numbers and 
units) instead of simply with numbers. Then 
any symbol we use must represent both the 
number and the unit. If d is chosen to repre- 
sent the distance across a classroom, then one 
might find that d — 8.2 metres, or that d — 27 
feet. The value of d is the same in both state- 
ments, because 8.2 m — 27 ft. 

The x and y of algebra could be used as 
symbols for physical quantities, but it is often 
convenient to choose the initial letter of the 
name of the quantity as its symbol. There are 
widely accepted symbols for many quantities 
which are used throughout this book. Because 
there are many physical quantities, the letters 
of the English alphabet are rapidly consumed 
and some duplication of symbols occurs. Using 
capital letters reduces the duplication to some 
extent, Thus we may write p for pressure, and 
P for power. To distinguish between two 
values of the same quantity, for instance two 
pressures, subscripts are often used. Thus we 
may write p, and p,, or p, and pp for the pres- 
sures at two locations, A and B. In all such 
instances the subscript should be treated as 


Ao The unit um = 10-6 m and is called a micron. It 
is sometimes abbreviated to 4 (mu). 
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The Axioms of Algebraic Equations 


In an equation, 


(a) the same number may be added to each 
side, 

(b) the same number may be subtracted from 
each side, 


(c) each side may be multiplied by the same 
number, 


(d) each side may be divided by the same 
number (except zero), 


without altering the expressed equality. 


an adjective that modifies the noun (symbol); 
the combination represents a single physical 
quantity. 

Since pressure is defined as force per unit 
area, if a force F acts over an area A, the 
pressure is p — F/A. When any two of the 
three quantities is given, the third may be cal- 
culated by rearranging the formula according 
to the axioms of equations. These are illus- 
trated in the accompanying box, and should 
be of assistance in manipulating formulas and 
relations. 

Mathematics has uses in physics beyond pro- 
viding the techniques for manipulating symbols. 
In Table 3 there are listed the volumes and 
masses of five samples of aluminum. One way 
to find the relation between volume and mass 


Table 3 
VOLUMES AND MASSES OF 
FIVE SAMPLES OF ALUMINUM 


MASS 
39.9 g 
67.6g 
107.9 g 
135.0g 
162.1g 
The unit for volume is “cubic centimetre,” 
which may be abbreviated “cc” or “cm*.” 
We shall use the latter, which means 
(cm) (cm) (cm). 


SAMPLE VOLUME 
il 14.7 cm? 
25.2 cm? 

40.1 cm? 

49.8 cm? 


59.9 cm? 


E.g. 

(a) if x — 5 = 8, add 5 to each side: 
a8 455 13; 

(b) if x + 3 = 7, subtract 3 from each side: 
qq SS A 

(c) if p = F/A, multiply both sides by A: 
pA DF 

(d) if pA = F, divide both sides by p: 
A SIED 


is to plot a graph. A graph often presents data 
more vividly than a table does. The volume 
is plotted along the horizontal axis, and mass 
along the vertical axis. The scales should be 
chosen to make effective use of the available 
space. In the graph in Fig. 4, 1 cm hori- 
zontally represents 10 cm?, and 1 cm vertically 
represents 25 g. A curve is then drawn to 
pass through the points as closely as possible. 
In the figure, a straight line fits best, although 
it does not hit all the points squarely. 

The dotted lines in Fig. 4 illustrate the rela- 
tion expressed by a straight line graph that 
passes through O (the origin). If the relation 


Mass (g) 


0 20 40 60 
Volume (cm?) 


Fig. 4. The graph of mass against volume for five samples 
of aluminum illustrates direct variation. The mass of the 
sample of aluminum varies directly as its volume. 
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between mass and volume for aluminum is true 
generally, the graph shows that the mass of 
10 cm? would be 27 g, and the mass of 20 cm* 
would be 54 g: doubling the volume will give 
double the mass, or in general, n times the 
volume would have n times the mass. Such a 
relation is stated algebraically: The mass of a 
sample of aluminum varies directly as the vol- 
ume. Using the symbols m for mass and V for 
volume, m = kV, where k is a constant. The 
key idea here is that m and V are considered 
to be variable, or general, quantities that can 
be imagined to take on a series of values. 
Whatever pair of corresponding values of m 
and V is chosen, the quotient m/V has the 
same value, k. Whenever a physicist finds 
that a pair of quantities (say x and y) are re- 
lated by a straight line graph, he writes the 
relation y = kx. 

The quotient m/V should be recognized as 
the expression for density, mass per unit vol- 
ume. So k is simply an alias for density (sym- 
bol D), and m= DV. The graph does more 
than lead to the idea of density; it illustrates 
that one can find by experiment that the density 
of a small sample of aluminum is the same as 
that of a large sample. This idea is not direct- 
ly stated in the definition of density, but the 
quantity density is useful because it is con- 
stant for samples of different sizes. Ordinarily 
one would simply calculate the density of each 
sample as shown in Table 4. If the calculated 
values are reasonably similar, their average is 
taken as the best value. 

One can proceed directly from a table of 
values to an equation. If the quotients of 
pairs of values of x and y are approximately 
equal, y = kx, or y varies directly as x; if the 
products of pairs of values are approximately 
equal, xy = k, or y = k/x, y varies inversely 
as x. (This also means that y varies directly 
as 1/x.) Relations of the form y = kx are 
called direct variations; the graph is a straight 
line that passes through the origin. The graph 
of relations of the form xy = k, called inverse 
variation, is shown in Fig. 5. Since the graphs 
of these relations have simple forms, it is com- 
T 


Table 4 
SAMPLE CALCULATIONS FOR 
DETERMINING DENSITY 


MASS PER UNIT VOLUME — DENSITY 


us = 22 g/cm? 
67.62 
252 cm? 
107.9 g 
40.1 em? 
135.0 g 
49.8 cm? 
162.1g 
59.9 cm? 


TOTAL 


SAMPLE 


2.68 g/cm? 
2.69 g/cm? 
2.71 g/cm? 


2.71 g/cm? 


13.51 g/cm? 
.. the average density of aluminum is 


B31 g/cm? — 2.70 g/cm?. 


mon to make a relation fit this form if possible. 
Thus in the expression v? = kT found in Chap- 
ter 1, a graph would be drawn of v? against T, 
rather than of v against T. 


THE ALGEBRA OF UNITS 
The relation D — m/V is true for any set of 
consistent units. For example, if m is measured 


12 | 


xyz12 


0 
0 4 8 12 
X 
Fig. 5. When two quantities vary inversely (for example, 


y= 12/x or Xy — 12) the graph illustrating the inverse 
variation is not a straight line but is curved as shown. 


in kilograms and V in cubic inches, then the 
unit of density in the relation must be kilo- 
grams per cubic inch. Because of the close 
dependence of units upon the relations between 
quantities it is useful to treat units as if they 
were algebraic numbers. For example, since 
V = m/D, the units of V can be determined 
from the units of m and D: if m = 75 pounds 
(Ib), and D = 15 pounds per gallon (1b/gal), 


XERCISES and PROBLEMS 


A 


1. Draw up a table that lists the power of 10 
that corresponds to each multiple of 10 in the 
range from 10 000 to 0.000 01. 


2. Write the following numbers as powers of 10: 
(a) one million 
(b) one thousand million 
(c) one million million 
(d) one million million million 
(e) one millionth 
(f) one thousandth of a millionth 
(g) one millionth of a millionth. 


3. The earth's diameter is of the order of magni- 
tude of 107 metres. The sun's diameter is of the 
order of magnitude of 10? metres. The radius of 
the earth's orbit about the sun is of the order of 
10!! metres. Calculate 
(a) the approximate number of earth diameters 
in the diameter of the sun; 
(b) the approximate number of earth diameters 
in the radius of the earth's orbit. 


4. Atoms have diameters of the order of 10—1? m. 
Red blood cells have diameters of about 10—5 m. 
How many atoms could lie side by side across a 
red blood cell? 


5. Calculate 


(a) 105 x 107 (b) 10-4 x 10-8 
(c) 108 x 10-3 (3105195 13 
109 108 10- 

(e) 108 (f) 107 (g) 10-1 
10- 104 STOP 
Oo 709 qw © 103 


6. The diameter of a red blood cell is measured 
to be 7.5 x 10-95 m. The range of the diameter 
is from 7.45 x 10-9 m to 7.55 x 10-9 m. State 
the range of the following quantities: 
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75 lb 


ia: Ib/gal 


then 


Il 


1$ (Ib)(gal/Ib) 


5.0 gal. 


This way of manipulating units will provide a 
valuable check on the correctness of the equa- 
tions you use throughout your work in physics. 


Il 


(a) The average density of the earth is 5.5 
g/cm?; 

(b) The radius of the moon is 1.74 x 109 m; 
(c) The distance to the star Sirius is 8.8 light 
years; 

(d) The density of air at 0°C and at standard 
atmospheric pressure is 1.293 kg/m?*; 

(e) The speed of light is 2.99793 x 105 m/sec. 


7. Write the difference between the range values 
for the speed of light in standard form. 


8. Write the following numbers in standard form: 


(a) 17 500 (f) 84 x 10-3 
(b) 0.000 35 (g) 257 x 10? 
(c) 437 000 (h) 0.043 x 10-7 


(d) 0.000 089 45 
(e) 0.69 x 105 


9. Replace the following metric prefixes by the 
power of 10 that converts the quantity to the 
standard form of the fundamental unit: 
(a) 5 km (c) 35 Mc/sec 
(b) 16 mm (d) 0.73 psec. 


10. Convert the powers of 10 in the following 
to convenient prefixes, so that the number is 
greater than 1 but less than 1000: 
(a) 3 x 101 m (c) 4.6 x 10-3 g 
(b) 7 x 10-5 sec (d) 9.3 x 107 miles. 
11. (a) Plot a graph of the data in the accom- 
panying table and determine the equation that 
describes the relation between x and y. 
x 37 0 ddr 12:15 
y 6 12 18 24 30 
(b) Plot a graph of the data in the accompany- 
ing table and determine the equation that de- 
scribes the relation between p and A. 
s 2:3: 4-96 429): 12; «18:536 


(i) 0.603 x 1074. 


P ma6icTSudi25 9 06441 733 FRU 
(c) Construct a table of five or six pairs of 
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values that satisfy the relation V — 5 I, and use 
them to plot a graph of V vertically against I 
horizontally. 

(d) Construct a table of six to eight pairs of 
values that satisfy the relation DV = 60, and 
use them to plot a graph of D vertically against 
V horizontally. 

(e) Determine the relation between p and F 
that the accompanying graph illustrates. What 
value of p corresponds to F — 100? What 
value of F corresponds to p — 47? 

p 

r | 
704 
" 
s] 
40 4 
304 


i 


10 4 


0 T ETRAReGep T- T T "T 

O 20 40 60 80 100 120 140 160 F 
(f) Determine the relations between p and V 
that the accompanying graph illustrates. What 
value of V corresponds to p = 2? What value 
of p corresponds to V — 10? 
v 


40 4 
30 4 


20 4 


0 


TiO Er 
0 10 20 30 40 p 
In each of the above, state whether the relation 
is a direct or inverse variation. 


12. Perform the required calculations taking into 
account the accuracy of the measurements: 
(a) Find the area of a rectangle having sides 
of lengths 7.2 cm and 4.3 cm. 
14 


(b) Find the average speed for a trip of 328 
miles that lasts 7.0 hours. 

(c) Find the average density of a sample of 
copper with a volume of 23 cm? and a mass 
of 203 g. 

(d) Find the mass of a block of aluminum of 
density 2.71 g/cm? and a volume of 64.8 cm?. 


13. How many miles are there in one light year? 
To avoid a lot of arithmetic, you can round off 
the numbers to one digit each: the speed of light 
is about 2 x 105 miles/sec; there are 4000 sec- 
onds in one hour, 20 hours in a day, and 400 
days in a year. Express your answer to one digit 
times a power of ten. 


14. It has been reported that in a certain section 
of a large city about 1000 tons of dust fall on 
each square mile each year. Estimate the num- 
ber of pounds of dust that fall per square yard in 
a year, using the relation that 2000 yards is 
approximately equal to 1 mile. 


15. It is estimated that the glaciers and polar ice 
caps on earth contain about 4 x 109 cubic miles 
of water. The area of the world's oceans is about 
1.4 x 108 square miles. By how much would the 
ocean depth increase if all the ice melted and was 
added to the oceans? Estimate an answer in feet. 


16. On the average one kilogram of matter con- 
sists of about 10?9 atoms. The mass of an aver- 
age star is about 103° kg. There are about 10!' 
stars in a galaxy, and about 1011 galaxies in the 
universe. What is the approximate number of 
atoms in the universe? 


17. The volume of the universe is estimated to be 
that of a cube 2 x 10!? light years on each side. 
One light year is approximately 10!9 metres. De- 
termine the approximate volume of the universe 
in cubic metres. Calculate the approximate mass 
of the universe from the data in Question 16, and 
determine the approximate average density of 
matter in the universe in kilograms per cubic 
metre. 


18. The speed v of a wave is given in terms of 
its frequency f and its wavelength A in the rela- 
tion v — fA. The distance d travelled by the wave 
in time t is d — vt. 

(a) Write the relation that gives d in terms of 

f, A, and t. 

(b) How long would it take a wave of fre- 


quency 15 c/sec and wavelength 6 m, to travel 
3750 m? 


19. Simplify the units in the following expressions: 


miles lb 
(à —— x sec (b) Fa x ft 
kg/m? m 
(e) (d) A =e 
kg m/sec? 


20. Use the data in the accompanying table to 
plot a graph of y against x. Although y does not 
vary directly as x, what quantity does? 

es 10203974 5 

y 5ruScsT1r124 307 


Cc 


21, Use the data in the accompanying table to 
plot a graph of d against t. The shape of the 
smooth curve through the points is not like any 
we have seen so far. Can you see what was done 
to each value of t to give the corresponding value 
of d? Remove the common factor from the d 
values. Do you recognize the relation of the 
remaining factors to the values of t? What is 
the relation between d and #? If t= 10, what 
would be the value of d? 
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20. y—2=3x. 21. d= 512; 500. 
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A moment before this photograph was snapped, 
the dishes were resting quietly on a table. 

Then the table, standing on a pneumatically-driven 
platform, was whisked away, leaving the 

dishes behind. What principle is illustrated? 


INTRODUCTION: 
A GARBLED 
HISTORICAL 

MYTH 


UNIT 


MATTER IN MOTION 


Three men played a major part in founding physics through 
their study of forces and motion. Each of them, Archimedes 
of Syracuse, Galileo Galilei, and Sir Isaac Newton, is associ- 
ated with a legend that has little historical backing. Since the 
events are legendary, though related to the men's work, let us 
mix them freely in an imaginary space-time machine. With 
the machine we can move any man or object to any location 
in space-time. The scene is set is Pisa, Italy, in 1590 at the 
Leaning Tower. Transport Archimedes from Sicily in 340 
B.C. with a portable bathtub partly filled with water. Bring 
Newton in his garden chair from Lincolnshire in 1665. Gali- 
leo at the top of the tower holds a crab apple and a water- 
melon above Newton and Archimedes on the ground below. 
Galileo releases the apple and the melon at the same instant. 
The apple strikes Newton on the head while the melon strikes 
the water in the tub. With a screen Archimedes arranges that 
no water splashes out of the tub. 

By comparing the weight of the melon with the rise of 
water in the tub, Archimedes deduces that the floating melon 
displaces its own weight of water. From the equal times taken 
by apple and melon in falling the same distance, Galileo con- 
cludes that the speed of falling objects increases at the same 
rate, regardless of their masses, and the fall of the apple causes 
Newton to wonder if the force that makes apples fall also 
keeps the moon in its orbit around the earth. 

Such studies of motion and force (called mechanics) pro- 
vided the basis on which scientists in the eighteenth century 
could build an accurate description of the motions of the solar 
system. The very fruitful idea of energy developed more 
slowly, not attaining full importance until the nineteenth cen- 
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tury. If we had taken James P. Joule to our 
mythical gathering in Pisa, he would have 
measured the temperature of the water in the 
tub before and after the impact of the melon. 
From his measurements he would have deter- 
mined the relation between mechanical energy 
and heat energy. 

Following the establishment of the principle 
of the conservation of energy by Joule and 
others, a particle description of matter was 
developed based on the principles of mechan- 
ics. We shall see that the study of motion is 
the foundation upon which much of physics 
depends. 
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HEAT AND THE STRUCTURE 


OF MATTER 


POLONIUS: What is the matter, my lord? 
HAMLET: Between who? 
POLONIUS: I mean the matter that you read, my 
lord. 
—Shakespeare 
Hamlet 


NORFOLK: Heat not a furnace for your foe so hot 
That it do singe yourself. 


—Shakespeare 
King Henry VIII 


As the quotation from Hamlet shows, there are 
several meanings for the word matter. In the 
sense in which it is used in science, matter is the 
term that is applied to everything that possesses 
mass and occupies space; that is, everything 
that has a material existence. As we normally 
experience matter in the world about us, we 
may classify it into three states, namely, solid, 
liquid, and gas (or vapour). 


` THE STATES OF MATTER 


It is seldom difficult to decide the state of a 
material. At the normal temperature of a class- 
room, wood and iron are solids, water and 
mercury are liquids, and oxygen and carbon 
dioxide are gases. The reason for mentioning 
temperature should be evident: molten iron, 
mercury vapour and solid carbon dioxide are 
also possible. 

Since many materials can exist in all three 
states, it will be necessary for us to identify 
the properties by which the states can be dis- 
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tinguished. If we imagine putting various ma- 
terials into a container that may be capped, 
the behaviour of the states can be described. 
It is understood that we are working at room 
temperature (between 20 and 25°C). Solids 
come in pieces or chunks, and any one piece 
will maintain its own shape and volume, inde- 
pendent of the container. A liquid will fill the 
container to an extent that depends on how 
much of it there is. The volume depends on 
the liquid, but its shape depends on the con- 
tainer: the liquid takes the shape of the con- 
tainer. A little bit of gas will completely fill 
the container: the shape and volume of the gas 
depend entirely on the container. 

For some purposes it is useful to describe 
two groupings of the states of matter, each 
based on the properties mentioned above. 
Under normal conditions solids and liquids 
which have a definite volume are about a thou- 
sand times as dense as gases or vapours. For 
that reason, solids and liquids may be said to be 
condensed states. And since both liquids and 
gases can flow, or be poured, they are called 
fluid states. 


THE KINETIC-MOLECULAR THEORY 


A very fruitful theory (or model) for the struc- 
ture of matter is the kinetic-molecular theory. 
In this chapter we shall propose the basic fea- 
tures of this theory and investigate the various 
properties of matter that it is designed t 
explain. Explanation in science should 
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taken to mean a description of complicated 
events in terms of simpler, more easily under- 
standable ideas or structures. Here, the basic 
ingredient of the model is the idea of molecules, 
minute, submicroscopic particles. It is pro- 
posed that there is a limit to the subdivision 
that a piece of matter can undergo and still 
retain its ordinary properties. The molecules 
of a substance are the smallest identical units 
of which it is composed. A molecular model 
for matter is justified if it can describe effective- 
ly many of the properties of matter in a way 
that is consistent and reasonably simple. 

Materials in the solid state are able to retain 
their shape and resist being compressed. The 
molecular structure of a solid can be imagined 
to be like a collection of soft rubber balls held 
together by spiral springs joining their centres. 
The springs represent forces of attraction by 
which the molecules resist being pulled apart. 
The rebounding action of the rubber balls on 
one another represents the forces of repulsion 
between the molecules by which they resist 
being pushed together. 

Since liquids also resist compression their 
molecules too must be close together. How- 
ever, since a liquid is fluid, its molecules must 
be freer to move around and over one another. 

Since gases are less dense than liquids their 
molecules must be farther apart. They may be 
visualized as balls bouncing around quite freely 
in a cage, colliding with one another from time 
to time. 

Such models as these are able to represent 
the basic structure of matter in the three states. 
If we desire to account for other properties of 
matter we may have to make further assump- 
tions about the molecules and consider more 
complicated models. 


THERMAL EXPANSION 


It is well known that most materials expand 
when they are heated. A piece of iron, mer- 
cury in a test tube, and air in a balloon can 
each be observed to increase its volume when 
its temperature is raised. The increase in 
volume with temperature can be included in 
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the molecular theory by proposing that mole- 
cules are in a continual state of motion, and 
that the rate of motion depends on the tempera- 
ture. 

The molecules of a solid which is relatively 
rigid execute a vibratory motion about their 
normallocations. When the temperature rises, 
the rate of vibration increases, and it can be 
imagined that the molecules will increase the 
amplitude of their vibration. There will then 
be a tendency for the molecules to move farther 
apart, and for the volume to increase. The 
molecules of a liquid can be expected in addi- 
tion to their vibratory motion to move about 
through space with a certain speed. When the 
temperature rises, this speed will increase. The 
molecules will occupy more space; the liquid 
will expand. 

The principal motion for the molecules of a 
gas is a random movement back and forth 
through the volume of the containing space. 
The speed of this motion is useful for describ- 
ing the properties of a gas, for it can be sup- 
posed that the pressure exerted by the gas on 
the walls of its container is the result of the 
myriad impacts of the molecules. When the 
temperature of air in a balloon rises, the pres- 
sure increases, causing the balloon to expand. 
The increase in pressure with temperature has 
two sources: having higher speeds the gas mole- 
cules hit the containing walls harder, and they 
also hit more frequently. 

The original idea of molecular spacing and 
mobility can be related to the relative expan- 
sions of the three states of matter. As a ma- 
terial progresses from solid to liquid to vapour 
with the application of heat, one would expect 
the rate of expansion to increase, both because 
the molecules are progressively more widely 
Separated, and because they become progres- 
sively more easily moved. The expectation is 
realized: generally speaking a material in the 
liquid state expands at about 10 times the rate 
in the solid state, and the rate for the gaseous 
state is about 10 times that for the liquid state. 
In Table 1-1 are given some approximate 
values for molecular properties; these convey 


Table 1-1 
VALUES FOR SOME OF THE PROPERTIES 
OF MOLECULES OF AIR 
(NITROGEN AND OXYGEN) 
AT ORDINARY TEMPERATURE AND PRESSURE 


Number of molecules per 
litre 

Diameter of one molecule 

Average speed of a mole- 
cule 

Average distance travelled 
by a molecule between 
collisions 

Number of collisions experi- 
enced by a molecule in 
one second 


3:1073 
3x 1072m 


5 x 10? m/sec 


6 x 10-5m 


10” 


some idea of the vast numbers of molecules and 
their minute dimensions. 


CHANGES OF STATE 

1. MELTING 

As the temperature of a piece of lead is raised 
its molecules vibrate more rapidly and move 
slightly farther apart. This process continues 
until the temperature reaches 327°C. At that 
temperature, the addition of more heat to the 
lead does not cause an increase in its tempera- 
ture. Instead, the lead begins to melt—to 
change its state from solid to liquid. And if 
the solid-liquid mixture is thoroughly stirred, 
the temperature will not begin to rise again 
until the lead has been completely transformed 
from solid to liquid. The amount of heat 
that is needed to produce this change of state 
is commonly called the latent heat of fusion (or 
melting). It is called latent because it is hid- 
den heat, not being manifested by a rise in tem- 
perature. 

For a molecular description of this change 
of state we may say that at the melting point 
of the lead, any further expansion would cause 
the molecules to be separated by a distance 
characteristic of the liquid state. But, to achieve 
that condition, extra heat must be supplied to 
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overcome the forces that bind the molecules 
into the fixed locations that characterize the 
solid state. This extra heat is the latent heat 
of fusion. 


2. VAPORIZATION 


Fig. 1-1 illustrates a closed container half filled 
with a liquid at room temperatüre. The air in 
the space above the liquid has been removed 
with a vacuum pump. A certain amount of 
the liquid will evaporate, and the vapour in 
the space above the liquid will produce a 
reading on the pressure gauge. If the tempera- 
ture is raised, the pressure reading will increase, 
indicating that a greater amount of the liquid 
has evaporated. 

It has previously been stated that the rate of 
random motion of molecules in a liquid in- 
creases with temperature. At any one tem- 
perature, however, the rate of motion of the 
molecules extends over a certain range: some 
molecules are moving more vigorously than 
others. When faster moving molecules are at 
the surface of the liquid they may be able to 
break away from the attraction of surrounding 
molecules. They then move about freely in 


Pressure gauge 


Fig. 1-1. When a liquid is heated its vapour pressure 
increases. In a closed container such as the one shown 
here, this increase in pressure will be shown by the 


pressure gauge. 
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the space above the liquid in the vapour state. 
The impacts of these vapour molecules on the 
pressure gauge produce the reading that is 
observed. There is also a range of variation 
in the speeds of the molecules in the vapour, 
and slower moving molecules just above the 
surface of the liquid may be recaptured and 
returned to the liquid state. Eventually there 
will be a relatively fixed number of molecules 
in the vapour state. There will still be some 
molecules evaporating and others condensing, 
but the numbers involved in each process will 
be approximately equal. The liquid-vapour 
combination can be said to be in a state of 
dynamic equilibrium. 

The vapour pressure of a liquid at a given 
temperature is the pressure that is exerted by 
the vapour that has evaporated from the sur- 
face of the liquid. As the temperature is in- 
creased the vapour pressure increases. The 
relation between vapour pressure and tempera- 
ture for three substances is illustrated graphi- 
cally in Fig. 1-2. As the temperature rises the 


10* Mercury 


Water lodine 


Pressure (mm of mercury) 


0 50 


150 250 
Temperature (°C.) 


350 


Fig. 1-2. A graph showing the vapour pressure of dif- 
ferent substances at different temperatures can be used to 
determine the boiling points of the substances at any 
specified atmospheric pressure. 


average rate of motion of the molecules in- 
creases and more of them are able to leave the 
surface of the liquid. 

When a liquid is heated in a container open 
to the atmosphere a temperature is reached at 
which the vapour pressure of the liquid is equal 
24 


to the atmospheric pressure. At this tempera- 
ture groups of molecules moving at a rate 
greater than the average can force themselves 
apart to form bubbles within the liquid. This 
occurs because the pressure exerted by the 
atmosphere is not sufficient to oppose it. The 
phenomenon is called boiling. The boiling 
point of a liquid is the temperature at which 
its vapour pressure is equal to the opposing 
pressure of the atmosphere. Standard atmos- 
pheric pressure is 760 mm of mercury. It is 
indicated on the graph, and from its intersec- 
tion with the curves the standard boiling points 
of the three substances can be determined. It 
is evident that if the atmospheric pressure were 
less, the boiling points would be lower. Tea 
brewed at a resort in the Rocky Mountains is 
not as hot as tea at sea level because the water 
boils at a lower temperature at the higher 
altitude. 

For a molecule to leave the surface of the 
liquid it must be supplied with enough heat 
to be able to overcome forces of attraction. 
This represents an amount of heat that is 
identified as the latent heat of vaporization. 
After the temperature of a liquid reaches the 
boiling point the addition of further heat is 
used to increase the rate of motion of the 
slower moving molecules until all have been 
transformed to the vapour state. During this 
time the temperature of the liquid remains 
constant at the boiling point. 


TEMPERATURE AND HEAT 


We have so far used the terms temperature and 
heat without investigating their proper mean- 
ing. The quotation from Henry VIII at the 
beginning of the chapter should be interpreted 
as "Don't produce so much heat that the tem- 
perature becomes too high.” It is apparent 
that the terms are often used quite interchange- 
ably. When Sir Isaac Newton described a 
scale of temperature in 1701 he called it “a 
scale of the degrees of heat. We now use 
the word temperature exclusively for that idea. 

The temperature of an object may be de- 
fined as the reading on a thermometer placed 


in contact with it. When one object is at a 
higher temperature than a second object, 
placing the two in contact allows something 
to be transferred from the first object to the 
second one, until a condition of equilibrium is 
attained. The temperature of the first object 
will decrease, and that of the second object 
will increase. The "something" that is trans- 
ferred is identified as heat. 

We have said that an object is at a higher 
temperature when its molecules move faster. 
Then when objects at different temperatures 
are placed in contact the faster moving mole- 
cules of the one at the higher temperature will 
collide with the molecules of the other one, 
and transfer some of their motion. The first 
set of molecules will then move more slowly 
than before, and the other group will move 
more quickly. The process will continue until 
the average rates of motion of the two collec- 
tions of molecules are the same. In this sense, 
then, the temperature of an object is a measure 
of the average speeds of the molecules of the 
object. Thus, two objects have the same tem- 


C °K 
300 573 
200 473 
100 373 
0 273 
—100 173 
—200 73 
-273 0 


Fig. 1-3. The Celsius and Kelvin temperature scales com- 
pared here differ only in their location of zero. The size 
of one degree is the same in each. 
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perature when the average rates of motion of 
their molecules are the same. 

There are two temperature scales in common 
scientific use, the Celsius (or centigrade) scale, 
and the Kelvin scale. The two scales (Fig. 
1-3) differ only in the location of zero; the 
size of one degree is the same in both. One 
degree (1 C? or 1 K?) is one-hundredth of the 
temperature difference between the freezing 
point and the boiling point of pure water at 
standard atmospheric pressure (760 mm of 
mercury). The zero on the Celsius scale is 
located at the freezing point of pure water. The 
zero on the Kelvin scale is located at the low- 
est possible temperature (0°K = —273.16°C, 
or 0°C = 273.16°K). How that temperature, 
0°K, is determined will be described on p. 28. 

To describe heat in molecular terms, imagine 
à collection of one hundred table tennis balls 
being bounced around in a wire cage by jets 
of air. The balls represent the molecules of 
a substance which are in constant agitation. 
The "temperature" of this collection can be 
increased by impacts from faster moving ob- 
jects. Suppose that a group of boys fire pel- 
lets from air rifles at the balls. These pellets, 
travelling at a higher speed than the balls, have 
a higher "temperature." If fifty pellets collide 
with the balls, the average speed of the latter 
will be increased. In the same way, the addi- 
tion of heat to a collection of molecules will 
raise its temperature. If more heat is added 
to the same collection the temperature will rise 
higher. Thus, if two hundred pellets from air 
rifles strike the collection of table tennis balls, 
the balls will move faster than when only fifty 
pellets struck them. Although all the pellets 
are presumed to travel at the same speed, rep- 
resenting the same "temperature," more pellets 
supply more "heat." Since more "heat" was 
transferred to the balls when more pellets 
struck them, the “temperature” of the balls rose 
higher than before. Thus, temperature refers 
to the rate of molecular motion, while heat is 
a measure of the total quantity of molecular 
motion. Heat, then, depends on the number 
and mass of the molecules as well as on the 
rate of molecular motion. 
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Fig. 1-4. When molecules of a liquid are heated they 
tend to move further apart. This, in effect, decreases their 
density and therefore pressure from surrounding molecules 
causes the heated molecules to rise, thus causing a con- 
vection current. 


TRANSFER OF HEAT 


Heat energy can be transferred in three differ- 
ent ways: by convection, by conduction, and by 
radiation. These three ways are discussed in 
this section. The first two ways, convection 
and conduction, can be explained by the 
kinetic-molecular theory, but the transfer of 
heat energy by radiation is more complex. 


l. TRANSFER OF HEAT BY CONVECTION 


A furnace is located in the basement of a build- 
ing, and the radiators in a room are located 
near the floor. Why? “Hot air (or water) 
rises." Why? When a fluid is heated at the 
bottom, convection currents are established. 
This motion, and the transfer of heat that it 
effects, can be described with the aid of Fig. 
1-4. The molecules of the fluid directly above 
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the flame are heated. As their temperature 
rises they move apart. The fluid just above the 
flame then has a smaller density than the sur- 
rounding fluid (fewer molecules per unit vol- 
ume). The pressure on the bottom of the 
container depends on the weight of the fluid 
above it, and the weight of fluid in Column (b) 
is less than that in Columns (a) and (c). Since 
the pressure in the fluid is transmitted in all 
directions, the group of molecules at the higher 
temperature experience a net upward force. 
Under the action of this buoyant force (see 
Chapter 7) the heated fluid is pushed upwards 
by the cooler fluid which replaces it. 

The final effect is the development of circu- 
lation within the fluid, namely convection cur- 
rents. By this means, heat supplied to the 
liquid at the bottom is transferred through the 
liquid. 

2. TRANSFER OF HEAT BY CONDUCTION 

It has already been mentioned that molecules 
at a higher temperature are moving faster than 
those at a lower temperature and can transfer 
some motion to molecules that are moving 
more slowly. The transfer of heat in this man- 
ner is called conduction. The temperature of 
the water at the bottom of the container in 
Fig. 1-4 was raised because the impacts of 
fast moving molecules in the gas flame caused 
the molecules of the container to move more 
rapidly, and they in turn transferred the in- 
crease in motion to the molecules of water 
next to them. 

We more often think of heat being conducted 
for some distance through a material. Experi- 
ments performed with narrow cylinders of ma- 
terial show that glass, water, and air are rela- 
tively poor conductors of heat. We may say 
that their heat conductivity (the rate of pas- 
sage of heat through them) is relatively small. 
The heat conductivity of metals is more than 
one hundred times that of glass or water. In 
metals about 90% of the transfer of motion 
is accomplished by free electrons. It is for 
this reason that materials which have large 
heat conductivities are also good conductors of 
electricity. (The presence of free electrons in 


the structure of metals is described in Chapter 
11.) As the easily moved electrons travel 
along a metal they collide with the atoms of 
the metal and transfer some motion to them. 
In this way the rate of vibration of the atoms 
is increased: the temperature rises. 


3. TRANSFER OF HEAT BY RADIATION 

Heat transfer by radiation is not strictly a mo- 
lecular process. Yet it should be considered 
briefly here as the third means by which heat 
can travel from one place to another. When 
electromagnetic radiation (of which light is one 
form) encounters a material object it can in- 
crease the rate of motion of the molecules at 
the surface of the object, causing the tempera- 
ture to rise. The production of electromag- 
netic radiation is discussed in Chapter 29. 

It is well known that dark, dull surfaces 
absorb more of the radiation that strikes them 
than do bright, shiny surfaces. The latter re- 
flect most of the radiation rather than absorb 
it. A necessary consequence of these absorb- 
ing properties of surfaces is that a dark, dull 
surface radiates heat from within it more effec- 
tively than does a bright, shiny surface (see 
Exercise 1-11). This can be demonstrated 
by putting boiling water into two tins, one of 
which is shiny, the other, dull black. The 
temperature of the water in the dark tin will 
fall more rapidly than that of the water in the 
shiny tin, indicating that it has radiated heat 
at a greater rate. 

* * * 

It should be evident that quite a number of 
the thermal properties of matter can be de- 
scribed effectively by the supposition that mat- 
ter is composed of molecules in continual mo- 
tion. The kinetic-molecular theory can be 
considered to be firmly established as a result 
of the successful description of a number of 
the properties of matter. 


MORE DIRECT EVIDENCE FOR MOLECULES 


In 1827, Robert Brown, an English botanist, re- 
ported observations of tiny spores suspended in 
water. Through his microscope he saw them 
dancing about hither and thither in a completely 
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Fig. 1-5. Small solid particles in a liquid are bombarded 
by molecules of the liquid. This sometimes causes the 
particles to move erratically about the liquid. This move- 
ment is known as Brownian motion and is evidence for 
the existence of molecules. In this illustration the particles 
are shown at 20-second intervals, and the scale is measured 
in microns (micro-metres). 


random fashion for no apparent reason (Fig. 1-5). 
Further observations made it clear that the ran- 
dom motion was neither the result of convection 
or streaming in the liquid, nor of the shaking of 
the microscope. It was also observed that the 
motion was greater for smaller particles. Tiny 
particles trapped in liquid within certain crystals 
thousands of years old exhibited the motion to the 
same degree. 
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Fig. 1-6. Molecules of water move around and may 
collide at random with a solid particle in the liquid. At 
a certain moment, however, the water molecules may strike 
the particle predominantly on one side and cause a net 
force on the particle as shown. (Such a particle may be 
10* times the size of the water molecules.) 
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Furnace 


Fig. 1-7. This device can be used to measure molecular 
speeds. The heat of the furnace causes a beam of mole- 
cules to be emitted towards the first rotating disc. This 
disc "chops" the molecular beam into groups which are 
deposited on the second disc. From the speed of rotation 
of the discs and the distribution of the molecules along 
the edge of the second disc, the speeds of the molecules 
in the beam can be calculated. 


During the nineteenth century it was decided 
that this Brownian motion was the result of the 
bombardment of the particles by the molecular 
agitation within the liquid. A fairly large particle 
would be likely to be bombarded equally from all 
sides. But a smaller particle might, in the random 
course of events, be struck by more molecules on 
one side than on the other (Fig. 1-6). It would 
then move about in the liquid with a random 
motion, responding to a surplus of hits first from 
one side and then from another. 

Early in the twentieth century, Jean Perrin 
(1870-1942), a French physical chemist who 
was awarded the Nobel Prize for Physics in 1926, 
measured the distribution and motion of sus- 
pended particles in liquids. Fairly large particles 
would tend to settle in the liquid, but their down- 
ward motion would be impeded by molecular 
bombardment. Perrin used his measurements to 
calculate Avogadro's number, N, (the number 
of carbon atoms in 12 grams of carbon), arriving 
at values between 6 x 1023 and 7 x 1022, Perrin 
also marshalled evidence from quite different 
measurements and found that the results all led to 
approximately the same value for Ny. This evi- 
dence supported his conviction of the reality of 


Fig. 1-9. 


one million times. 
44 million times. 
of the molecules. 
molecular vibration. 
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particle structure of matter, 


molecules and their motion. He argued that there 
could be no other way to account for the very 
consistent results from as many as six completely 
independent determinations. 

More recently, methods have been devised for 
measuring the speeds of molecules directly (Fig. 
1-7). The results of the measurements for two 
gases over a range of temperatures are shown in 
Fig. 1-8. The graph of the square of the speed 
against temperature is a straight line. For both 
gases, extension of the graph to the left shows 
that at —273°C the molecular speeds would be- 
come zero. Similar phenomena have been ob- 
served for other properties of gases. For that 
reason, it was suggested that —273°C was the 
lowest possible temperature that could possibly 
be attained—absolute zero. So Lord Kelvin in 
Scotland proposed a temperature scale that started 
at absolute zero with degrees the same size as in 
the Celsius scale. This Kelvin scale of tempera- 


ture is widely used for theoretical work in physics 
and chemistry, because its zero is natural, not 
arbitrary. 

To conclude the study of the molecular struc- 
ture of matter, examine the photographic evidence 
provided in Fig. 1-9, 


—300 -200 -100 0 100 
Temperature (*C) 

Fig. 1-8. In this graph the squares of the speeds of the 

molecules are plotted for various temperatures. The 


temperature —273°C, where the velocities of the molecules 
would be expected to reach zero, appears to be a natural 
place to start a temperature scale, 


The four photographs provide striking evidence for the 
(a) Atoms on the tip of a fine tungsten needle—magnified 


(b) Arrangement of atoms in a erystal of iron sulfide—magnified 
(c) X-ray picture of xylylene molecules ot 20*C, showing vibration 
(d) X-ray picture of xylylene molecule at —190°C, showing little 
(e) Chemist's structural diagram of the xylylene molecule. 
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EXERCISES and PROBLEMS | 


A 


1. Since sand and sugar can be poured, why are 
they not described as fluids? 


2. The density of liquid nitrogen at its boiling 
point is 804 grams per litre. The density of nitro- 
gen gas at the same temperature is 4.4 grams per 
litre. What change in the molecular arrangement 
of nitrogen accounts for this change in density? 


3. (a) Calculate the volume of a cube that mea- 
sures 1.0 cm along each edge, and one that 
measures 5.0 cm along each edge. 

(b) If cube A is x times longer along each edge 
than cube B, how many times greater is the 
volume of cube A than that of cube B? 


(c) If a cube of liquid of side 1 cm vaporizes 
to occupy a volume of 10? cm?, by what factor 
have the lengths of the sides of the cube 
increased? 


4. Summarize the molecular properties of the 
three states of matter that account for the differ- 
ences in their density, their ability to flow, their 
ability to be compressed, their expansion with 
rises in temperature. 


5. (a) What is the most obvious effect that is 
likely to be observed when heat is supplied 
to any object? 

(b) What, then, is the significance of the adjec- 
tive latent as applied to heat that produces 
melting or vaporizing? 


6. Describe how a principle of heat transfer 
accounts for the following: 


(a) A lighted match can char a handkerchief 
in a few seconds, but not if a dime is enclosed 
in the section being heated. 

(b) In winter you place blankets on a bed; in 
summer ice can be wrapped in blankets to 
keep it cold. 


(c) The heating element in an electric kettle 
is located at the bottom. 

(d) The freezing compartment in an electric 
refrigerator is often located at the top. 


(e) In sunlight dirty snow melts faster than 
clean snow. 


(f) The first frost in the fall usually occurs 
on a clear night. 
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B 


7. (a) At its boiling point the density of liquid 
mercury is about 13 grams per cubic centi- 
metre, and the density of mercury vapour is 
about 4 grams per litre. What volume will 
13 grams of mercury occupy when vaporized? 
(b) By what factor does the volume of mer- 
cury increase on vaporization? 

(c) What are the dimensions of a cube that 
has approximately the volume of 13 grams of 
mercury vapour? 


8. Imagine that at a particular instant in liquid 
mercury 8 atoms of mercury are located at the 
corners of a cube, with a distance of 3 units 
between the centres of adjacent atoms. In the 
vapour state the distance between adjacent atoms 
increases to 100 units. By how much have the 
volume and density of the mercury changed? 


9. Using the density data from Exercise 2, calcu- 
late the increase in the separation of nitrogen 
molecules from the liquid to vapour states. 


10. Use the graph of Fig. 1-2 to answer the fol- 
lowing questions: 
(a) At an altitude of 16 km (about 10 miles) 
the atmospheric pressure is about 102 mm of 
mercury. Estimate the boiling point of water 
at that altitude. 
(b) Iodine can be used to illustrate sublimation. 
What is the approximate value of its vapour 
pressure at the temperature just before it 
would melt? 


(c) Estimate the value of the normal boiling 
point of mercury. 


11. The walls of an evacuated oven are main- 
tained at a constant temperature of 250°C. Within 
the oven are two small blocks of copper of the 
same size and shape. The surface of block A is 
smooth and polished. The surface of block B is 
coated with a layer of dull, black, copper oxide. 
Each block receives 20 calories of heat per second 
by radiation from the oven walls. Block A reflects 
80% of the radiation and absorbs the rest. Block 


B reflects 5% of the radiation and absorbs the 
rest. 


(a) How much heat does each block absorb 
per second? 

(b) Which surface is the more efficient ab- 
sorber of radiation? 

(c) When the two blocks reach a temperature 
of 250°C their temperature cannot rise above 
that of the oven walls. The blocks must re- 
radiate heat at such a rate that their tempera- 
ture does not rise. How much heat does each 
block re-radiate per second? 

(d) Which surface is the more efficient radi- 
ator of heat? 

(e) What conclusion can be drawn about the 
relation between the absorption and radiation 
efficiencies of surfaces? 


C 


12. The idea of absolute zero arose from a con- 
sideration of the behaviour of gases at different 
temperatures. The following description illus- 
trates one way to discover absolute zero. 

A 250-ml flask is submerged to its neck in 
boiling water for a few minutes and then a one- 
hole stopper with a short glass tube in it is inserted 
into the mouth of the flask. With his finger over 
the end of the tube a student transfers the flask 
to a container of ice water. The flask is com- 
pletely submerged with the tube pointing down- 
wards and the student removes his finger. Water 
flows into the flask to an extent that is measured 
to be 67 ml. Repeating the procedure from 
boiling water to water at 25°C results in 50 ml of 
water flowing into the flask. In all cases, care 
is taken to permit the pressure within the flask 
to be atmospheric pressure. Calculate the volume 
of air in the flask at each temperature. 

The three experimental points determined above 
should be plotted on a graph (temperature hori- 
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zontal) and joined by a line. The line should be 
extended to determine at what temperature the 
volume of the gas would become zero. The point 
on the temperature axis where the graphed line 
meets it is absolute zero. In practice the gas 
would condense before the temperature reached 
absolute zero, and in fact O^K is a theoretical 
value which can be approached, but not attained. 


13. One mole of atoms is defined to be the num- 
ber of atoms of an element in one gram atomic 
mass of the element. The mass of one mole of 
aluminum atoms is 27 grams, the mass of one 
mole of copper atoms is 64 grams. The number 
of atoms in one mole is called Avogadro's number. 
This number can be calculated if the dimensions 
of atoms are known. Atoms of copper and alu- 
minum can be visualized as spheres packed to- 
gether like cannon balls. Measurements with 
x-rays have been made to determine the distance 
between atoms. 
(a) Atoms of aluminum are packed together 
so that each one occupies the volume of a cube 
about 2.5 x 10-8 cm on a side. 
(i) Calculate the volume of an aluminum 
atom. 
(ii) Given that the density of aluminum is 
2.7 grams/cm?, calculate the volume of one 
mole of aluminum. 
(ii) From the volume of an individual 
aluminum atom calculate the number of 
them that would have the volume of one 
mole of aluminum. This is Avogadro's 
number. 
(b) Make similar calculations for copper, with 
atoms having the volume of a cube 2.3 x 10—8 
cm on a side; take the density of copper to be 
9 grams/ cm8. 
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CHAPTER 2 


THE MEASUREMENT OF HEAT 


Materials may be distinguished by their be- 
haviour when heat is applied to them. Pure 
substances have definite melting and boiling 
points. In addition they absorb heat at dif- 
ferent rates. In the design of heating appli- 
ances these thermal properties of matter must 
be known quite accurately. Knowledge of the 
behaviour and structure of matter must include 
the effects of heat on different substances. In 
this chapter we consider how some thermal 
properties of matter can be measured. 


SPECIFIC HEAT CAPACITY 


The temperature of water in a pan on a stove 
rises as heat is supplied to it. The extent to 
which the temperature rises depends on the 
amount of heat that is supplied and on the 
mass of the water in the pan (though it is lim- 
ited by the boiling point of water). On that 
basis, a unit of heat has been defined: 

One calorie (abbreviated cal) of heat is trans- 
ferred between one gram of water and its sur- 
roundings when the temperature of the water 
changes by one Celsius degree. 

The Calorie used in nutrition is a kilocalorie; 
that is, 1000 calories, or the amount of heat 
transferred when the temperature of one kilo- 
gram of water changes by one Celsius degree. 
In the British system of units one British Ther- 
mal Unit is the amount of heat transferred 
when the temperature of one pound of water 
changes by one Fahrenheit degree. 
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When equal amounts of heat are added to 
equal masses of two different substances, the 
rises in temperature are found to be different. 
If equal amounts of liquid are poured into a 
one-quart milk bottle and a three-quart bottle, 
the height of the liquid is different in each con- 
tainer. In the same way that the two con- 
tainers are said to differ in their capacity for 
milk, it may be said that two substances differ 
in their capacity for heat. The heat capacity 
of an object is defined as the amount of heat 
required to change its temperature by one de- 
gree. To compare the heat capacities of dif- 
ferent materials it is worthwhile to define a 
quantity in terms of unit mass of material. The 
specific heat capacity (symbol C) of a material 
is 
the amount of heat required per unit change in 
temperature per unit mass of material. 

We can assign symbols to the quantities in- 
volved in heat transfer in order to be able to 
write a formula. Since heat is a form of ener- 
8y (p. 112) we shall use the symbol E, for 
heat, with the subscript indicating the form of 
energy involved. The symbol for a change in 
temperature is T, and for mass, m. Then the 
definition for specific heat capacity can be writ- 
ten 

specific heat capacity — 

heat transferred 
mass x change in temperature’ 
E. 


=k. 
or C mT 


It follows that 

E= mre. 
That is, the quantity of heat energy trans- 
ferred = the mass x the temperature change 
x the specific heat capacity. 

Since one calorie is the amount of heat trans- 
ferred per Celsius degree per gram of water, 
the specific heat capacity of water can be found 
by substituting in the formula 


1 calorie 
(1 gram) (1 Celsius degree) 
= 1 calorie per gram Celsius degree. 
As long as we work in the metric system the 
abbreviation for Celsius degree can be deg. 
(For changes in temperature the location of the 
zero point on the temperature scale makes no 
difference, so 1 K° = 1 C° = 1 deg.) Then 
the abbreviation for the unit of specific heat 
capacity can be written cal/g.deg. 


m Example 2-1: The temperature of a block 
of lead falls from 100°C to 25°C when it gives 
up 950 calories of heat to its surroundings. 
The mass of the lead is 420 grams. Calculate 
the specific heat capacity of lead. 


Solution: 
The amount of heat transferred, E, — 950 cal. 
The mass of the lead, m = 420 g. 
The change in temperature, 
T =100°C — 25°C 


z73 deg. 
Substituting into 
En = mTC 
950 cal = (420 g)(75 deg) C 
950 cal 


“C= gx 75 deg 


= 0.030 cal/g.deg 


MEASURING HEAT 


In the foregoing example the amount of heat 
was given. How can it be measured? The 
clue comes from the definition of the calorie. 
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By that definition the specific heat capacity of 
water is 1 cal/g.deg. The block of lead in the 
example might have been placed into 190 
grams of water at a temperature of 20°C, 
which rose to 25°C when the hot lead was 
placed in it. The amount of heat added to the 
water was 
Ey = (190 g) (5 deg) (1 cal/g.deg) 
= 950 cal. 


Calculations such as these depend on the way 
in which heat is transferred between two ma- 
terials at different temperatures. If two iso- 
lated materials at different temperatures are 
mixed, the temperature of the hotter one will 
fall, and that of the cooler one will rise. The 
process continues until both are at the same 
temperature (when equilibrium is reached). 
In the process the material at the higher tem- 
perature gives up heat to the other one. It is 
assumed that all the heat given up by the hotter 
material is absorbed by the cooler one; and the 
corollary, that all the heat absorbed by the 
cooler material came from the hotter one, is 
also assumed. On this basis, heat measure- 
ments of a substance can be made when it is 
mixed with water at a different temperature. 


m Example 2-2: Calculate the specific heat 
capacity of aluminum from the following data: 
A block of aluminum of mass 110 g at an initial 
temperature of 98°C is placed into 140 g of 
water at 17°C. The water is contained in an 
aluminum cup of mass 60 g. Since aluminum 
is a good conductor of heat, the cup is assumed 
to be at the same temperature as its contents. 
The equilibrium temperature of the mixture is 
28°C. 


Solution: The following arrangement and treat- 
ment of the data is recommended. 
cal 
Let Cik =x% gdeg 
The heat lost by the aluminum block is 


E, — (110 g) (70 deg) (x Say 


g.deg 
= 110 x 70x cal. 
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The heat gained by the water is js drag ps E r^ 
i g alum. AI 
E, = (140 g) (11 deg) (1 sdg? 
= 140 x 11 cal. 
The heat gained by the iciae cup is 70 deg 
c 
E, = (60 8) (11 deg) (x 5) 
= 60 x 11x cal. 
The heat lost is E, = 110 x 70x cal. 28°C - oat 1 al ) 
. . water TEE cvs 
The heat gained is E, + E, ga ee g ( g.deg 
= (140 x 11+ 60 x 11x) cal. 60 g alum. (Ca) 
By our assumption, E, = E, + E,. 
110 x 70x = 140 x 11 + 60 x 11x 
x(110 x 70 — 60 x 11) = 140 x 11 
: 140 x 11 
BATE 10:70 — 60) DESIGN OF A CALORIMETER 
140 In practice it is difficult to prevent the transfer 
= 700 — 60 of heat between materials and their surround- 
140 ings. In the last example the temperature of 
= 640 the room might have been about 23°C. As 
7 the temperature of the hot aluminum decreased, 
= 37 some heat would be transferred to the sur- 
022 rounding air. And some of the heat that pro- 


duced the temperature rise in the water would 
`. the specific heat capacity of aluminum is have come from the surrounding air. Since 
0.22 cal/g.deg. exchanges of heat with the air are difficult to 


Fig. 2-1. Calorimeters are specially designed to minimize 
heat transfer between the contents of the inner cup and 
the surroundings of the calorimeter, 


Stirrer 


measure (or even to estimate with any accu- 
racy), it would be useful to be able to isolate 
the mixture from its surroundings. 

A container that is designed to minimize heat 
transfer between its contents and its surround- 
ings is called a calorimeter, illustrated in Fig. 
2-l. The various parts of the calorimeter are 
designed to reduce the amount of heat trans- 
ferred by means of conduction, convection, and 
radiation (see Exercise 2-10). 


LATENT HEATS 


The melting point of one kind of moth crystal, 
naphthalene, is about 80°C. While the crys- 
tals melt, the temperature remains constant at 
80°C. Yet the process of melting requires 
the continual addition of heat. The amount 
of heat involved in the change of state of one 
gram of a substance between the solid and 
liquid states is called the latent heat of fusion 
(symbol L,). The word latent suggests that 
the heat becomes hidden within the structure 
of the material when a solid melts, because it 
does not show as a rise in temperature. A 
similar situation exists at the boiling point of 
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a material: heat is required to change a liquid 
to a vapour. The latent heat of vaporization 
(symbol L,) is the amount of heat involved in 
the change of one gram of a substance between 
the liquid and vapour states. Unless a tem- 
perature is specified, the heat of vaporization 
is assumed to be the value at the standard boil- 
ing point of the substance. 

It should be realized that if x calories of heat 
must be supplied to a quantity of liquid to 
vaporize it, then x calories of heat must be 
removed from the vapour during condensation. 
The graph of Fig. 2-2 illustrates the heat con- 
stants for naphthalene. Following the graph 
from lower left to upper right shows the amount 
of heat that must be added to change from one 
temperature and state to another. Going in 
the opposite direction shows the amount of 
heat that must be given up or released. The 
zero of the scale of heat is arbitrary since we 
always measure changes in the amount of heat, 
that is, how much heat is supplied or removed. 
The two dotted parts of the graph illustrate the 
amounts of heat that are required during sub- 
limation (change of state between solid and 
vapour) and evaporation. 


1 gram of naphthalene 


Fig.2-2. Heatis required 
for sublimation, fusion, 
evaporation and boiling. 
However, these changes 
occur without any rise 
in temperature taking 
place. 


Temperature (°C) 


Fusion 


Sublimation 


120 
Heat (cal) 


160 200 
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DETERMINATION OF THE HEAT 
OF VAPORIZATION OF WATER 


In the experiment on the opposite page, steam is 
bubbled into cold water contained in a calori- 
meter. Since the isolation of the calorimeter is 
not perfect, an attempt can be made to balance 
out the amounts of heat gained from and lost to 
the surroundings. That is done by arranging 
that the temperature of the room falls about 
midway between the initial and final tempera- 
tures of the water; thus if room temperature is 
25*C and if the temperature of the water is 
15*C, steam should be added until the tem- 
perature of the water reaches about 35°C. 

In the experiment the balance is used three 
times, to find in turn the mass of the inner can 
of the calorimeter, the mass of the can plus 
the cold water, and the mass of can and con- 
tents after the steam has been bubbled into the 
water. The separate masses of water and con- 
densed steam can then be found by subtraction. 
A typical set of data that might be found is used 
in the sample calculation below. The measured 
temperatures and measured and calculated 
masses are displayed on the thermometer dia- 
gram. It should be noted that heat is liberated 
both as the steam condenses and as the con- 
densed steam cools to the final temperature. 
The mass of the steam is shown twice on the 
diagram to ensure that both amounts of heat 
Will be included in the calculation. 


= Example 2-3: An aluminum can weighing 
60 g contains 227 E of water. The can and 
the water are both initially at 10°C. Steam 
at 100°C is bubbled through the water until 
the temperature rises to 34°C, By weighing, 
it is found that 9.5 g of steam have condensed. 
Calculate the latent heat of vaporization (L,) 
of water. 


Solution: Let the latent heat of vaporization 
of water, L, = x cal/g. 
The heat lost by the condensing steam is 
E, = mL, 
= (95 g) (x 88) 


= 9.5x cal. 
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Temperature Temp Mass Sp Ht 
change Cap 
9.5 g steam (Lv) 
: 95gwater (1-22! 
Fs rr. 
66 deg 
34°C 
24 deg cal 
ine 227 g water ( lowe ) 


cal 
60 g alum. (0.22555) 
The heat, lost as the condensed steam cools is 


E, = (9.5 g) (66 deg) (1 <L) 


g.deg 
= 9.5 x 66 cal. 
The heat gained by the cold water is 
E, — (227 g) (24 deg) (1 
— 227 x 24 cal. 
The heat gained by the aluminum can is 
cal 
E, — (60 g) (24 deg) (0.22 Eder. 
= 60 x 24 x 0.22 cal. 


The heat liberated by the steam in condensing 
and cooling is E, + E,. 

The heat absorbed by the cold water and can 
is E, + E,. 

By our assumption about heat exchange during 
mixing, 


cal ) 
g.deg 


E,+E,=E,+E, 
9.5x + 9.5 x 66 
= 227 x 24 + 60 x 24 x 0.22 
The expressions may be factored: 
9.5 (x + 66) = 24 (227 + 60 x 0.22) 
24 (227 + 13 
x + 66 = 25 (227 + 13) 


24 x 240 
x= SEQ S — 66 
= 607 — 66 
= 541. 
<. L, = 541 cal/g, 


EXPERIMENT 1-1 
The Heat of Vaporization of Water 


. Half fill a flask of about 250-ml capacity 
with water. Clamp the flask to a retort 
stand and heat it with a bunsen burner. 


. Measure m,, the mass of the inner vessel 
and stirrer of a calorimeter. | Add about 
200 ml of very cold tap water to the inner 
vessel, and measure m,, the mass of the 
inner vessel and its contents. Place the 
inner vessel inside the outer vessel of the 
calorimeter and put the lid in place. 


. Use rubber and glass tubing to connect a 
onc-hole rubber stopper to the steam trap 
as illustrated in the diagram. Insert the 
stopper in the flask and arrange a beaker 
to catch the condensed steam that drips 
from the trap. 


When the water in the flask is boiling 
vigorously, reduce the flame of the burner 
so that the water continues to boil steadily. 
If possible, arrange a screen of asbestos 
to reduce heat radiation from the burner 
and flask to the calorimeter. 


. Record t,, the temperature of the air in the 
vicinity of the calorimeter. Insert the ther- 


mometer into the inner vessel. Use the 
stirrer to mix the water thoroughly and 
record t, the temperature of the cold 
water. 


Immediately insert the tubing from the 
steam trap into the water in the inner 
vessel. Keep the water mixed and watch 
the rise of the mercury in the thermometer. 


. Calculate the difference between the tem- 
perature of the air outside the calorimeter 
and the temperature of the cold water 
t,—t,=y degrees. Continue adding 
steam until the temperature is within about 
one degree of being y degrees above room 
temperature. 


Remove the tubing from the calorimeter 
and record t, the highest temperature 
reached by the mercury in the thermome- 
ter. 
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9. Measure m,, the mass of the inner vessel 


and its contents. 


Calculate the mass of the cold water, 
m, — m, and the mass of the condensed 
steam, m, — m,. Construct a thermome- 
ter diagram (as on p. 36), and enter the 
masses of steam, cold water, and inner 
vessel and stirrer in the appropriate places. 
Assume that the temperature of the steam 
was 100°C, or make a separate determina- 
tion of the temperature of the boiling 
water. Enter on the diagram the tempera- 
tures of the steam, the cold water (t,) 
and the final mixture (1,). 


Perform the calculations to find the latent 
heat of vaporization of water as shown on 
p.36. 


. Find the average of the values determined 


in your class. Calculate the difference be- 
tween your value and the average, and 
determine the percentage which the differ- 
ence is of the average. 


List any possible sources of error in your 
experimental procedure. Make an esti- 
mate of the percentage by which each of 
the measurements might be in error. The 
possible experimental error is the sum of 
the percentage errors of four quantities: 
the masses of the cold water and the steam, 
and the two changes in temperature. 
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Fig. 2-3. Many systems which involve the transfer of heat 
can be symbolized as shown here. At the source heat is 
supplied to a liquid to vaporize it. The vapour is then 


Because of the limited accuracy of our mea- 
surements we would be entitled only to two 
digit accuracy in our result. We should write 
that we have determined the latent heat of 
vaporization of water to be 5.4 x 10? calories 
per gram. 


HEATING AND COOLING SYSTEMS 


The central heating system of a large building 
requires some method of transporting the heat 
from its source to each room. An efficient 
way of doing this utilizes the high heat of 
vaporization of water. Water is vaporized in 
boilers, each gram of it absorbing 540 calories 
of heat. The pressure of the steam drives the 
steam along pipes to radiators in the rooms. In 
every room the condensation of each gram of 
steam releases 540 calories of heat, which then 
radiates into the room. The condensed steam 
then flows back along pipes to the boiler to be 
Vaporized again. Although there are changes 
in temperature along the way, the System might 
be operated at 100°C throughout. Then the 
transfer of heat would involve only the heat 
of vaporization of the water, carried in latent 
form from the boiler to the rooms by the steam. 

In general terms we could call the boiler a 
source of heat, and the room a sink of heat, 
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transferred to the sink, where the heat is released by the 
condensation of the vapour. The liquid is then returned 
to the source to be revaporized. 


As shown in Fig. 2-3, heat is transferred from 
source to sink when vapour conveys its latent 
heat to the sink and the liquid returns without 
it. This same diagram applies to a refrigeration 
system, where the material to be cooled is the 
source. In an artificial ice rink liquid ammo- 
nia under pressure is piped beneath the rink 
surface. Heat liberated from the freezing water 
vaporizes the ammonia. The ammonia vapour 
is pumped to a compressor and liberates its 
heat as it is liquefied. A swimming pool and 
ice rink in the same building have been success- 
fully linked by a heat exchange system so that 
the heat liberated by freezing the water at the 
rink is used to heat the pool. 


HEAT AND MOLECULES 


The work of this chapter has not involved the 
particle structure of matter. However, our 
understanding would be enriched by finding 
the relations between heat and molecular mo- 
tion. To do that we need to undertake some 
Study of motion. The next few chapters are 
devoted to that study, and Unit I concludes 
with a brief look at heat as à form of energy, 
related to the motions of molecules and the 
forces between them. 


XERCISES and PROBLEMS 


In heat transfer problems, assume no transfers of 
heat other than. those specified in the problem. 


A 


1. For each of the following temperature changes 
state the amount of temperature change, whether 
the temperature rises or falls, and whether heat 
has been added or removed. 

(a) From 8.0°C to 35°C 

(b) From 99°C to 35°C 

(c) From 11.7°C to 28.5°C 

(d) From 156°C to 45°C 


2. Calculate the amount of heat required to 
change the temperature of x grams of water by y 
degrees (Celsius) when, 

Ca) eee aye vl 


(b) 5x4, yi Ssh 
i= leuyrzu6,0 
(d) x= 14, y 2 6.0 


(6)7x:—:200, y: — 18:0. 


3. Calculate the amount of heat transferred when 
the temperature of 150 grams of water in a coffee 
cup falls from 85°C to 60°C. 


4. The temperature of the water in a kettle is 
raised from 20°C to 70°C, Calculate the amount 
of heat that must be supplied if the mass of the 
water is 600 grams. Express your answer in 
kilocalories. 


5. In transferring 300 calories of heat to water, 
the temperature of 200 grams of mercury falls 
50 degrees. Calculate the specific heat capacity 
of mercury. 


6. A strip of nickel of mass 50 grams is heated 
to 535°C. When it is plunged into water its 
temperature falls to 35°C, and it transfers 2650 
calories of heat to the water. Calculate the spe- 
cific heat capacity of nickel. 


7. Calculate the amount of heat required to pro- 
duce a temperature change of x degrees in y 
grams of a substance with a specific heat capacity 
of z cal/g.deg. 


(a) TL y=1 z= 1l (water) 

(b) x21 y=1 22022 (aluminum) 
(c) x 2100 y 21 z-290.09 (copper) 
(d) x2 60 y=25 z= 022 (aluminum) 


8. A bar of silver of mass 480 grams was raised 
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to a temperature of 90°C. Then it was quickly 
transferred into 120 grams of water at 15°C. 
The temperature of the mixture became 30°C. 
Calculate the specific heat capacity of silver. 


9. The temperature of 500 grams of lead is low- 
ered from 100°C to 30°C by putting it into 100 
grams of water at 20°C, which rises in tempera- 
ture to 30°C. Calculate the specific heat capacity 
of lead. 


10. Describe how the properties of the various 
parts of a calorimeter are able to reduce the 
transfer of heat by conduction, convection, and 
radiation. 


11. What is the reason for making the inner ves- 
sel of a calorimeter of metal? 


12. Calculate the amount of heat required to 
vaporize x grams of material with a latent heat 
of vaporization of y cal/gram. 


(a) x 2 1.3 y 2 100 (oxygen at —183*C) 
(b) x 2 50 y= 70 (mercury at 357°C) 
(c) x 222 y= 4.6 x 10? (bromineat60°C) 


13. A common commercial refrigerant, freon, has 
a latent heat of vaporization of 40 cal/gram at 
its boiling point, —30*C. What mass of freon 
would be vaporized by the transfer of 100 kilo- 
calories of heat from the contents of a refriger- 
ator? 


14. The inner vessel of a calorimeter has a mass 
of 100 grams, and is made of a material with a 
specific heat capacity of 0.10 cal/g.deg. A mass 
of 240 grams of water is added to the calorimeter. 
The temperature of the water and the calorimeter 
is 12°C. Then 500 grams of mercury at 332°C is 
added to the calorimeter. After thorough mixing 
the final temperature of the contents is 32°C. 
Calculate the specific heat capacity of mercury. 


15. Steam is bubbled into cold water until a mass 
of 10 grams of steam has condensed. How much 
heat is liberated by the condensation of the steam 
and a subsequent fall in temperature from 100°C 
to 40°C? (The latent heat of vaporization of 
steam is 540 cal/gram.)_ 


16. A mass of 5.0 grams of steam at 100°C is 
bubbled into 155 grams of water at 10°C, raising 
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the temperature of the water to 30°C. Calculate 
the latent heat of vaporization of water. 


17. An aluminum calorimeter of mass 60 grams 
contains 247 grams of water at 10.0°C. The 
specific heat capacity of aluminum is 0.22 cal/ 
g.deg. Steam at 100°C is bubbled into the water 
until the temperature reaches 35.0°C. When the 
mass of calorimeter and contents is measured the 
mass of the added steam is found to be 11.0 
grams. Calculate the latent heat of vaporization 
of water. 


18. From the following data obtained by experi- 
mental measurement calculate the latent heat of 
vaporization of water. 


Mass of inner vessel and stirrer = 60.0 grams 
Specific heat capacity of alumi- 

num vessel and stirrer = 0.22 cal/g.deg. 
Mass of inner vessel, stirrer, and 

cold water = 291.0 grams 
Mass of inner vessel and final 

contents = 302.6 grams 
Temperature of boiling water = 99 0EC 
Temperature of cold water EEY i 
Final temperature of mixture Sant Si Ob OD 


19. A group of students made five determinations 
of the latent heat of vaporization of water. Their 
results were 520, 525, 540, 550, 565 calories per 
gram. 
(a) Calculate the average of their results. 
(b) How far above and below the average do 
the extreme values lie? 
(c) What are the approximate percentages 
Which these differences are of the average 
value? 


20. A steam heating system delivers steam at 
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atmospheric pressure to the radiators in a room. 
The steam condenses at 100°C and cools to 80°C 
before returning to the boiler. Calculate (a) the 
amount of heat supplied to the room by each 
gram of steam, (b) the mass of steam that must 
circulate to deliver 1.12 x 107 calories of heat. 


Cc 


21. An electric heater is operated for 3 minutes 
in a beaker containing 250 grams of water. If 
the temperature rise of the water is 36 degrees, 
calculate the rate at which the heater is producing 
heat. 


22. The heater of the preceding problem is used 
to boil water. After 10 minutes it is found that 
50 grams of water have been boiled away. From 
these figures calculate the latent heat of vaporiza- 
tion of water. 


23. An electric heater produces heat at the rate 
of 40 calories per second. It is inserted into 200 
grams of water at 20°C. After 14 minutes the 
water is boiling and the heater is removed. The 
mass of the water is now 170 grams. Calculate 
the latent heat of vaporization of water. 


24. Ice at a skating rink is formed by removing 
heat from water to vaporize ammonia. Given 
that the latent heat of fusion of water is 80 cal/ g 
and the latent heat of vaporization of ammonia 
is 320 cal/g, calculate the number of grams of 
water that can be frozen for each gram of ammo- 
nia that is vaporized. 


25. If the cooling system of the preceding prob- 
lem contains 15 kilograms of ammonia, which 
circulates once every 5 minutes, calculate the 
time required to freeze 600 kilograms of water. 


CHAPTER 5 


THE MEASUREMENT 


OF MOTION 


This chapter deals with the description of 
motion. The causes of various types of motion 
will be ignored for the present. A study of 
motion, without reference to its cause, is re- 
ferred to as kinematics. 


TYPES OF MOTION 

Consider these examples of motion: 

(a) A hockey puck glides across a level sur- 
face of ice in a straight line at 75 miles 
per hour without any appreciable loss of 
speed. 

A parachutist descends to the earth’s sur- 
face. His parachute is open and he drops 
at a steady speed of 15 miles per hour. 
A truck stops for a traffic light, uniformly 
reducing its speed in 5 seconds from 44 
feet per second to a state of rest. 

A loose brick falls vertically from the top 
of a high wall until it strikes the ground 
below. 

A man walks out of his house, goes round 
several blocks and returns home. 

A child travels round in circles for several 
minutes in a fixed seat on a merry-go- 
round without any change in speed. 
Many additional types of motion may be con- 
sidered but the simplest must be studied first. 
Which of these motions is simplest? Example 
(e) may appear to be trivial but is in fact rather 
complex. The man starts from rest, increases 


(b 


© 


(c) 


(d) 


(e) 
(£) 


his speed to normal walking rate, changes di- 
rection several times, may slow down, even 
stop, then speed up again, may ascend or 
descend according to the elevation of the 
ground, and finally ends where he starts. His 
motion is as unpredictable as man himself and 
consists of many forms of simple motions. 

The simplest motion is that in which there is 
no change in the motion, although it is not 
common in everyday life. It is referred to as 
uniform motion, and is illustrated in Examples 
(a) and (b). While there is no change in the 
motion of the puck or parachutist there are 
changes in the distance travelled and the time 
elapsed as the motion continues. These two 
examples of motion, although of the same type, 
differ in two respects, namely magnitude and 
direction. The magnitude or numerical value 
of the speed of the puck is five times that of the 
parachutist. Their directions obviously differ, 
the first being horizontal and the second verti- 
cal. 

Examples (c) and (d) illustrate motions in 
which there is no change in direction but in 
which the magnitude of the speed varies. Mo- 
tion (c) is one in which the speed is decreasing 
in magnitude and is referred to as deceleration, 
while in (d) the magnitude is increasing and 
acceleration occurs. 

Example (f) illustrates motion which does 
not change in magnitude but which constantly 
changes in direction. This also is an accelera- 
tion. 

41 


MATTER IN MOTION 


These examples lead us to assume that there 
are various types of motion. lt is uniform if its 
magnitude and direction do not change. If 
either magnitude or direction (or both) change, 
the motion is variable and is referred to as 
accelerated motion. Any motion involves a 
distance travelled and a time elapsed. 


DEFINITION OF MOTION 


If a man standing on a sidewalk tried to read 
the headlines of a newspaper held by a woman 
in a car moving northwards past him, he would 
naturally find it difficult since the paper would 
be in motion relative to him. On the other 
hand, the paper would not be in motion relative 
to the woman, who could read even the small 
print. This north-bound car might later turn 
à corner and head east. While turning the cor- 
ner the paper would, in one sense, be in motion 
relative to the woman, at first being to the north 
of her, then to the east of her. However, it 
might be argued that it would not have moved 
relative to the woman since it would still be in 
front of her in the same position and at the 
same distance from her cyes. 

This raises the question, what is motion? 

The motion of any one object must be con- 
sidered with respect to some other object or, 
in general, to a frame of reference. A man 
eating in a train considers himself to be at rest 
with respect to the train and is not unduly 
concerned by the fact that the table, dishes, 
cutlery and meal are all travelling along at 60 
miles per hour. In his frame of reference the 
trees and telegraph poles are whizzing by. To 
a farmer in a nearby field the trees and poles 
are standing still while the train and passengers 
are in motion. The passenger considers the 
train as his frame of reference. The farmer 
accepts the earth as his. The passenger and 
farmer are in motion with Tespect to each 
other if the line joining them becomes longer 
or shorter. This line may, however, remain the 
same length. Can there then be motion? If 
a curve in the track is an are of a circle with 
the farmer at its centre, then as the train goes 


around the curve the line joining farmer to 
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passenger, the radius of the circle, does not 
change in length. It does, however, change in 
direction. The passenger and farmer are also 
in motion with respect to each other if the 
line joining them changes direction. 

Thus, we see that the passenger moves, from 
the farmer’s point of view, whenever the line 
drawn from the farmer to the passenger 
changes in length or direction. In general, mo- 
tion may be defined as follows: 

A point A is in motion relative to a point B 
if the straight line directed from B to A changes 
in length or direction. 


VECTORS AND SCALARS 


Certain quantities have no physical direction 
associated with them. The cost of an article 
is quoted at $3.00. The price may go “up” but 
the $3.00 has no actual direction this way or 
that. Quantities which have magnitude but 
no direction are called scalar quantities. They 
are represented by scalars which consist of a 
number and an appropriate unit. The age of 
a student is a scalar quantity, represented by 
the scalar 15 years. There is no direction 
associated with this period of time. Examples 
of scalar quantities are time, temperature, mass, 
area, volume, density, cost, population, dis- 
tance (not displacement) and speed (not ve- 
locity). 

Many quantities have a definite direction 
associated with them. If a horizontal force of 
50 units is exerted on a child standing one foot 
from the edge of a precipice the property of 
that force which is of paramount importance is 
its direction away from or towards the fatal 
edge. No force can exist without having a 
direction. In order to describe the force com- 
Pletely its direction must be included: for 
example, we might say a force of 50 units due 
south. Such quantities in which direction is 
specified are called vector quantities. The di- 
rection associated with a vector quantity, when 
stated, will be written in square brackets, thus: 
a force of 50 units [south]. 

Vector quantities may be represented by 
directed straight lines, or arrows, called vec- 


tors, whose length represents the size of the 
quantity and whose arrowhead represents the 
direction of the quantity. Examples of vector 
quantities are force, displacement, velocity and 
acceleration. 

Careful note should be taken of the differ- 
ence between distance and displacement, and 
also between speed and velocity. The former 
in each pair is a scalar quantity while the latter 
is a vector quantity. Distance refers to the 
length of a path from one point to another 
without any regard to direction and the path 
may or may not be the shortest path between 
the two points. Displacement, on the other 
hand, is the straight line distance in a specified 
direction. Similarly, velocity is speed in a 
certain direction. In this book we often write 
the symbols for vector quantities with little 
arrows over them to distinguish them from 
scalars. Thus we would normally refer to 
velocity as Vand speed as v; displacement as d 
and distance as d. This rule is made largely 
for the sake of convenience; when there is no 
need to mark a symbol as a vector, we usually 
leave the arrow out. Other methods of indi- 
cating a vector, such as writing the symbol in 
heavy type, are used by other people. 

Whenever we are dealing with quantities like 
speed and distance we have to use our common 
sense and decide whether we have to think in 
terms of vectors or not. Sometimes we do, 
but just as often our old friends speed and 
distance are quite adequate. 


RESULTANT DISPLACEMENT 


If a man walks 3 miles east and then 4 miles 
north he has actually walked a distance of 7 
miles. Nevertheless, he is only 5 miles away 
from his starting point. We say that his final 


displacement is only 5 miles. Thus, if we are. 


considering the scalar quantity of the total 
distance he walked, we simply add up the 3 
miles and the 4 miles and get the answer 7 
miles. However, if we wish to find his final 
displacement, we must use vectors; that is, we 
must consider the directions in which he walked 


THE MEASUREMENT OF MOTION 


c N 


/ 
Resultant displacement y 
AC=AB+BC Of 


4 miles 


1 mile 


A 3 miles B 


Fig. 3-1. If a man walks 3 miles eastwards and then 
4 miles northwards a scale drawing may be used to find 
his resultant displacement. 


as well as the distances. We do this by making 
a scale drawing as in Fig. 3-1. 

We can measure from the drawing that the 
final result of the man’s walk from A to C, or 
the resultant as we call it, is a displacement 
of 5 miles shown by the dotted arrow. With 
a protractor we can measure that this resultant 
displacement is in a direction about 37° east 
of north. Thus, if we were writing an equa- 
tion to describe the man’s walk we would 
have: 3 miles [east] + 4 miles [north] = 5 miles 


37° east of north]. _.That is, displacement 
AB + displacement BC = resultant. displace- 
ment AC, 


m Example 3-1: Find the final displacement 
of a man who first walks north for 5.0 km, then 
east for 3.0 km, and finally 30? east of south 
for 8.0 km. 


Solution: The first step is to make a scale 
drawing, like a map, of the walks made by the 
man, as in Fig. 3-2. We must remember that 
he finishes one part of his walk before he starts 
the next so that if we represent each part of his 
walk by an arrow, all the arrows must be tail 
to head along his walk. On the drawing, his 
resultant displacement, Cb, is then indicated 
by a dotted arrow. By measuring with ruler 
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5 km 


8 km 


| 
1 kilometre 


Vector addition: Resultant AD = AB + BC + Cb D 


Fig. 3-2. To find the resultant of a series of displacements, 
the individual displacements can be represented on a scale 
drawing by a series of arrows connected tail to head. The 


and protractor we find that this is 7.3 km in a 
direction of 15° south of east. Summing up 
the problem in an equation, we would say that 
5.0 km [north] + 3.0 km [east] + 8.0 km [309 
east of south] = 7.3 km [15° south of east]. 
That is, displacement AB + displacement B 

$ replacement CD = resultant displacement 


VECTOR ADDITION 


The process described in the previous section 
for adding displacements may be applied to 
the addition of any set of similar vectors. 
Forces, velocities and accelerations must be 
added vectorially. The vectors may be added 
in any order provided that the tail of the new 
vector is attached to the head of the preceding 
one. The resultant is always directed from the 
tail of the first vector to the head of the last 
one. 


SPEED AND VELOCITY 


Neither speed nor velocity has yet been defined 
in this book but it is advisable to distinguish 
between these quantities early in the study 
of mechanics. Speed is a quantity with which 
all motorists are familiar. We say the car is 
travelling at 50 miles per hour and rarely do 
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line joining the tail of the first arrow with the head of the 
last then gives the direction and magnitude of the resultant 
as in Example 3-1. 


we concern ourselves with the exact direction 
of travel since we rely on highway signs or 
high hopes. Often, however, it is of primary 
concern that the direction of the moving object 
be fully realized. Speed with a direction is 
velocity. Speed itself is a scalar quantity with- 
out any direction being associated with the 
motion of the object in question. Velocity, on 
the other hand, is a vector quantity and must 
have a definite direction associated with it. 
The speed of a car is 50 m.p.h., its velocity 
is 50 m.p.h. [south-west]. The child on the 
merry-go-round, (Example (f) at the begin- 
ning of the chapter) experienced no change in 
speed, but his velocity was not uniform because 
at one instant his velocity was due north, later 
west, then south, then east—constantly chang- 
ing. The child has a constant speed but a 
variable velocity. 

Speed is the rate of change of distance with 
time and we define average speed as distance 


travelled per unit time. Thus, 
distance travelled 
average speed = ——7— — ME, 
Lagi time taken 
This relation is expressed as 
d 


v=- 
t 


where v stands for the average speed, d for the 
distance travelled, and ż for the time elapsed. 
If an object travels in a simple manner, never 
slowing down or speeding up, its speed is con- 
stant and its constant speed is then equal to 
its average speed. Perhaps a more common 
form of the speed formula, which should be 
memorized, is 
d — vt. 


The units of speed are length divided by time. 
Common examples of the units in which speed 
is measured are feet/second, miles/hour, kil- 
ometres/second, metres/second, centimetres/ 
second and kilometres/hour. 
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In defining velocity, direction must be con- 
sidered; hence distance must be replaced by 
displacement. Velocity is the rate of change 
of displacement with time, and 

: displacement 
average velocity = — — — —— 
time 


or v= 


where v. stands for the average velocity of an 
object, d for its displacement and t for the time 
taken. The direction of the velocity vector is 
the same as the direction of the displacement 
vector. 


SAMPLE PROBLEMS ON SPEED AND VELOCITY 


m Example 3-2: How long does it take to run 3.0 kilometres at an average speed 


of 4.8 metres/second? 


Solution: All the units of length or time must be similar. The kilometres must be 
expressed as metres (or the metres/second as kilometres/second ). 


d= 3.0 km = 30 x 10? m 
v = 4.8 m/sec 
d 3.0 x 10?m 


L-—L-- 


y 4.8 m/sec 


= (625) sec. 


.'. the time taken is 6.2 x 10? seconds. 


m Example 3-3: Express 30 miles/hour in terms of feet/second. 


Solution: 


30 miles 30 miles 


5280 feet 


1 hour 


hour 


=Thour * 


3600 seconds 


I mile 3600 sec 


— 44 feet/second. 
.'. 30 miles/hour is equivalent to 44 feet/second. 


m Example 3-4: In how many minutes will a satellite travel round the earth in a 
circular orbit of radius 4725 miles, if the speed of the satellite is 18 x 10? miles/ 


hour. (m = 2%) 


^ 
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Solution: 
Radius of orbit, r — 4725 miles 
.. the distance, d = the circumference of the circle 
= mr 
— 2 x (?*) x 4725 miles 
v — 18 x 10? miles/hour 
d 2x (2%) x 4725 miles 
v 18 x I0? miles/hour 
m 2:5x22:x14725 
^ 7x 18 x 10? 


_ 2x 22 x 4725 foar l o0 minutes 
^ 7x18 x 108 xX 1hour 


— 99 minutes. 


f= 


hour 


-'. the time taken for one orbit is 99 minutes. 


m Example 3-5: A man ran half way round a circular track of radius 840 feet in 
2.0 minutes starting at the most southerly point. During this time what was 


(i) his average speed? 
(ii) his average velocity? 
He starts at A and ends at B. 


B 
Solution: E 


(i) Distance from A to B round the 
circumference of the semicircle, 


d=nxr=2% x 840 ft 


840 feet 


= 2640 ft. 
t = 2.0 min = 120 sec. 
_d_ 2640 ft 


Vgl a0 ses 
2122 ft/: sec, d d 
-'. his average speed was 22 feet/second. i 
M > 
(Gi) d = displacement from A to B = 2r = 2 x 840 ft = 1680 ft [north]. 
t = 2.0 min = 120 sec. 
> _ Z _ 1680 ft [north] 
2 120 sec 
= 14 ft/sec [north]. 


-'. his average velocity was 14 feet/second [north]. 
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W Example 3-6: A man drives a car at 20 m.p.h. for 1.5 hours, then for 50 m.p.h. 
for 3.0 hours and finally at 40 m.p.h. for 0.50 hours. Determine his average speed 
over the entire journey. 


distance travelled 
time taken 

and the total time taken must first be determined. 

(For each part of the trip, distance — speed x time.) 


Solution: Average speed — and hence the entire distance travelled 


First part of trip 


v = 20 m.p.h. 
t= 1.5 hours 
d — vt 
= pj es x 1.5 hour 
hour 
— 30 miles 
Second part of trip 
y = 50 m p.h. 
t = 3.0 hours 
d= vt 
2 go HOS oso peus 
hour 
— 150 miles 
Third part of trip 
v= 40 m p.h. 
1 = 0.5 hour 
d= vt 
miles 
= 40 DINE x 0.5 hour 
— 20 miles 


d= (30 + 150 + 20) miles = 200 miles 
t= (1.5 + 3.0 + 0.5) hours = 5.0 hours 
d 200 miles 
"= +t 50 hours 

.'. the average speed over the entire journey is 40 miles/hour. 


Note: In this type of problem care must be taken not to average the three given 
speeds, but to base the calculation on the original definition of average speed. 


For the entire journey, 


— 40 miles/hour 


GRAPHS OF MOTION 

It is often convenient to use a graph to repre- 
sent motion. This pictorial representation 
enables one to visualize readily the kind of 
motion in question. 


1. SPEED-TIME GRAPHS 
Suppose the speedometer of a car is watched 
carefully and its speed noted every 3 seconds 
as shown in the following table of values. 
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TIME SPEED TYPE OF MOTION 
O seconds | O0 m.p.h. | Car is starting 
3 2 from rest 
rather 
6 5 gradually 
9 12 Car's speed is 
12 20 increasing 
15 27 fairly quickly 
18 29 Car's speed 
21 30 levels off to 
24 30 a constant 
27 30 speed of 30 
30 30 m.p.h. 


These observations are plotted on graph paper 
with a horizontal time axis and a vertical speed 
axis in Fig. 3-3. The plotted points are then 
connected by a smooth curve which gives a 
pictorial representation of the car's motion. 
You should note that when the speed is con- 
stant, during the period from 21 seconds to 
30 seconds, the line is straight and horizontal. 
Such a line on a speed-time graph always rep- 
resents constant speed. 

If the line has a slope upwards to the right, 
the speed is increasing as time continues. If 
the line slopes downwards to the right, the speed 
must be decreasing; the object is slowing down. 
The steeper the slope, the greater is the rate of 
change of speed. 


Speed 
(miles/hour) 


a 


0 
0 3 6 9 12 15 18 21 24 27 30 
Time (seconds) 
Fig. 3-3. A speed-time graph represents the speed of an 
object at any given time. A horizontal line on the graph 
indicates that during the time indicated the object is 
travelling at constant speed. 
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Fig. 3-4. A straight line on a distance-time graph indi- 
cates uniform motion, or motion at constant speed. During 
each equal time interval, an equal distance is travelled. 


2. DISTANCE-TIME GRAPHS 


A. second form of graph, called a distance-time 
graph, is sometimes useful. Let us consider 
the case of a man walking at constant speed. 
The table below gives observations of the total 
distance that he had covered by various times. 
The distances were measured from some fixed 
starting point which we will call the initial 
position. 


TIME DISTANCE 

0 seconds 0 feet 
5 20 

10 40 

15 60 

20 80 

25 100 

30 120 


Plotting these values on a distance-time graph 
as in Fig. 3-4 shows that the motion is repre- 
sented by a straight line sloping upward to the 
tight. To find the speed, we note that in the 
first 5 seconds, d = 20 ft and t = 5 sec, there- 


fore v = 4-208 = 4 ft/sec. In fact, in each 


succeeding 5-second interval, v = 4 ft/sec, 
showing that a straight line on a distance-time 
graph represents a state of constant speed. 


3. SPEED FROM A DISTANCE-TIME GRAPH 


` The speed represented by a line on a distance- 


time graph can be determined by considering 


1004 


Distance (feet) 


8 seconds 


O0 1 2..3,4..5 167.089, 101 1H I2 
Time (seconds) 


Fig. 3-5; The vertical difference between two points on 


a graph is known as the rise. On a distance-time graph 
it indicates the distance travelled. The horizontal differ- 
ence between the same two points is known as the run, 
and here indicates the time elapsed. The rise divided by 
the run gives the average speed for the motion between 
the two points. 


any two points A and B on the line as in Fig. 
3-5. The distance travelled between positions 
represented by points A and B is given by the 
vertical difference between A and B. This 
difference CB is 88 feet and is called the rise 
from A to B. The time elapsed between these 
points is given by the horizontal difference 
between A and B. This difference AC is 8 
seconds and is called the run from A to B. 
The motion represented by the line segment 
AB indicates that a distance of 88 feet was 
travelled in 8 seconds, hence the speed was 
ae that is, 11 ft/sec. 

By measurement between different points 


80 B Cc 
70 
60 
3 50 
o 
ib 
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Fig. 3-6. When a car is returning to its initial position 
(that is, when its distance from its initial position is de- 
creasing) the slope on the distance-time graph would be 
downwards to the right. 
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you can find that with a straight line distance- 
time graph, the rise/run, also called the slope 
of the line, is the same at all places. Thus on 
a distance-time graph, the speed represented by 
a straight line is equal to the slope of the line 
. rise 
~ run 

Fig. 3-6 shows the distance-time graph of the 
complete motion of a car over a period of 9 
hours. During the first two hours the car's 
motion is represented by a straight line with 
an upward slope to the right. This indi- 
cates constant speed away from the initial 
position past which the car travelled when 
it was first observed. This speed, given by 
S. m or 40 km/hr. 
The next 3 hours is represented by BC where 
there is no rise for a 3-hour run and the 
speed equals skm or 0 km/hr. 
time the car is at rest, remaining 80 kilometres 
from the origin. Note that a horizontal line on 
a distance-time graph indicates zero motion. 
The final 4 hours is represented by CD where 
the slope is now downward to the right. In 
this interval the rise from C to D is actually a 
drop, and indicates the constant speed of the 
car returning to its initial position. This speed is 
80 km, that is, 20 km/hr. 
4hr 
line in the graph is a picture of the motion of a 
car which at first is moving at a constant speed 
of 40 km/hr for 2 hours from its initial posi- 
tion; it then stops at a point 80 km away for 
3 hours, and finally returns at a speed of 
20 km/hr. 

To summarize the facts about distance-time 
graphs: 

Constant speed is represented by a straight 
line. 

The speed is equal to the slope of the line. 

A slope upward to the right represents speed 
away from an initial position. This is a posi- 
tive speed. 

A slope downward to the right represents 
speed towards the initial position. This is a 
negative speed. 


between any two points on the line. 


rise/run for AB, equals 


During this 


Hence the entire 
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A horizontal line represents zero speed, or a 
state of rest. 


4. PROBLEMS INVOLVING DISTANCE-TIME 
GRAPHS 


Some problems in motion are readily solved 
by graphs. One example will illustrate their 
use. 


= Example 3-7: Car A travelling at a constant 
speed of 48 m.p.h. is 50 miles behind car B 
which has a constant speed of 28 m.p.h. When 
will car A overtake car B? 


Solution: To plot the lines representing the 
motion of car A, it is calculated that when 
t= 0 hours, d= 0 miles. 
When t= 1 hour, d= 48 miles. 
When t = 2 hours, d= 96 miles. 
When t = 3 hours, d = 144 miles. 
In each case v — 48 m.p.h. and d = vt. 


These points are plotted in Fig. 3-7. 

For car B, when t = 0 hours, d = 50 miles 
since it is this much ahead of A, or 50 miles 
from the starting point. The other values for 
car B are calculated as for car A but in each 
case 50 miles must be added to the distance 
travelled to allow for the initial distance be- 
tween the cars. This gives the following values. 


140 
LOOT n ET ae RS yea 
100 

BE 60 

gE 
40 
20 
o 


1 2 3 
Time (hours) 

Fig. 3-7 A distance-time graph can be used to solve 
problems such as finding the Position and time at which 
two cars travelling along the same highway would be 
together, as in Example 3-7. 
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When t= 1 hour, 

d= (28 x 1) + 50 miles = 
When t = 2 hours, 

d — (28 x 2) + 50 miles = 106 miles. 
When : = 3 hours, 

d = (28 x 3) + 50 miles = 134 miles. 


When both sets of results are plotted it is seen 
that the distance between the cars, which is 
shown by the vertical separation of the two 
lines, decreases as time goes on, until the cars 
have both reached the same position and there- 
fore meet. This occurs when t = 2.5 hours. 
That is, car A overtakes car B in 2.5 hours. 
From the graph it is clear that at this time each 
car is 120 miles from the starting point of car 
A. 


78 miles. 


RELATIVE VELOCITIES 


In our discussion of motion so far it has been 
assumed that the observer is at rest; that is, 
we have considered motion relative to the 
earth. Have we any way of knowing whether 
the earth is actually at rest? On a moment's 
reflection it should be apparent that one must 
ask, “At rest . . . relative to what?” There is 
ample evidence that the earth has a motion 
relative to the sun and that the solar system 
has a motion relative to the stars. Thus, our 
Statement of the observer at rest is always just 
an assumption. 

Suppose you were in a jet plane travelling 
west at 500 m.p.h., and that a Passenger threw 
an orange gently forward at 15 m.p.h. to 
another passenger in front of him. How fast 
would the orange actually be travelling relative 
to the earth? The orange would have its origi- 
nal velocity of 500 m.p.h. due to the motion 
of the plane, plus the extra 15 m.p.h., namely, 
a total of 515 m.p.h. [west] relative to the 
earth, Have you ever considered trying to 
catch an orange travelling at 515 m.p.h. rela- 
tive to you? Naturally the receiver catches 
the orange without difficulty as it only has a 
velocity relative to him of 15 m.p.h., and to him 
the velocity of the plane is immaterial while 
catching the orange. 
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Fig. 3-8. Relative velocities may Earth Truck Earth T 
be determined readily by draw- E. DEN 
ing vector diagrams. Each ar- 30 m.p.h 30 m p.h. 
row is drawn and labelled to 
represent the velocity of a Truck Ball Ball Truck 
particular object. 20 mph OR CR 
.P. m.p.h. 
Earth Ball Earth Ball 
@--------------- > -> 
50 m.p.h 10 m.p.h. 
(a) (b) 


Relative velocities may be determined readily 
by means of vector diagrams. The motion of 
object A relative to object B is represented by 
an arrow. The arrow denotes the correct mag- 
nitude and direction, with the head of the 
arrow labelled “object A” and the tail labelled 
"object B." For example, in Fig. 3-8, the 
first vector represents the velocity of a truck 
travelling at 30 m.p.h. [forward] relative to 
the earth. Using labelled vectors we can solve 
relative velocity problems such as those in the 
following examples. 


W Example 3-8: A man stands on an open 
truck which is being driven forward at 30 
m.p.h. and throws a ball with an extra velocity 
of 20 m.p.h. Determine the velocity of the 
ball relative to the earth if the bali is thrown 
(a) forwards, 

(b) backwards. 


Solution: Consider to the right as forward. See 
Fig. 3-8. In each case the first vector repre- 
sents the velocity of the truck relative to the 
earth. The second vector indicates the velocity 
of the ball relative to the truck. If the ends of 
the arrows having similar labels are placed to- 


gether at the same point the required relative 
velocity is simply represented by the arrow from 
the label "earth" to the label “ball.” This is 
shown by a dotted arrow. Thus the velocity 
of the ball relative to the earth in part (a) is 
50 m.p.h. [forward] and in part (b) is 10 
m.p.h. [forward]. 


m Example 3-9: Car A travels at 60 m.p.h. 
[north] and car B travels at 35 m.p.h. along the 
same straight highway. What is the velocity 
of car A relative to car B if car B travels 

(a) northwards? 

(b) southwards? 


Solution: Consider to the right as north. See 
Fig. 3-9. The arrow representing the velocity 
of each car shows its motion relative to the 
earth. To determine the required relative velo- 
city place the pair of arrows together so that 
the similar labels "earth" coincide. Then the 
velocity of car A relative to car B is repre- 
sented by the arrow which runs from the label 
"car B" to "car A." From the diagram it is 
apparent that the velocity of car A relative to 
car B in part (a) is 25 m.p.h. [north] and in 
part (b) it is 95 m.p.h. [north]. 


Earth Car A Earth Car A 
60 m.p.h. 60 m.p.h. 
Earth Car B Car B Earth 
35 m.p.h. 35 m.p.h 
Car B Car A CarB Car A 
e-----—> -—————————————————————— > 
25 m.p.h. 95 m.p.h 
(a) (b) 
Fig. 3-9. In drawing vectors to determine relative veloci- vectors should then be placed so that similar labels are 


ties, the vectors should be labelled to indicate in each case 
which object is moving relative to which other object. The 


adjacent to one another. The relative velocity is then 
given by the arrow between the two appropriate labels. 
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EXERCISES and PROBLEMS 


A 


1. Which of the following examples illustrate uni- 
form motion? 
(a) A ball is thrown vertically upwards. 
(b) A runner travels for 50 yards without any 
change in speed along a portion of track which 
is (i) curved, (ii) straight. 
(c) An elevator moves vertically upwards past 
three floors without any appreciable loss or 
gain in speed. 
(d) A ball bearing rolls down a smooth sur- 
face which is inclined at 30? to the horizontal. 
Try it! 
(e) A billiard ball coasts for 15 inches on its 
own along a table without slowing down. 
2. In the following, state whether A is in motion 
relative to B. 
(a) A is a train engine moving along a straight 
track. B is a man asleep in one of the passen- 
Ber coaches. 
(b) A and B are as in part (a) but the train 
is travelling round a curve. 
(c) A and B are the wing tips of an airplane, 
heading due north, doing a nosedive with wings 
level. 
(d) A is a child swinging on a swing. B is the 
crossbar supporting the swing. 
(e) As in part (d) but A is the crossbar and B 
is the child. 
(f) A is the tip and B the tail of an arrow 
which remains horizontal as it flies through 
the air due south. 


.3. Which of the following are scalar quantities 
and which are vector quantities? For each state 
the name of the quantity measured. 

(a) 30 miles/hour 

(b) 4.5 x 10? metres [south] 

(c) 2.7 g/cm? 

(d) 37.0 cm/sec [forwards] 

(e) 9.3 x 107 miles 

(f) 63.07 cm? 

(g) 400 calories 

(h) A push of 80 units [upwards] 


4. By means of a scale diagram determine the 
distance travelled by a man and his resultant dis- 
placement if he walks east for 200 yards, north 
for 150 yards, west for 320 yards, south for 280 
yards and finally east for 120 yards. 

5. A platoon of soldiers marches west for 15 
52 


blocks and then south for 8 blocks. Determine 
the resultant displacement of the platoon assuming 
that each block is 550 feet long. 


6. A ship travels round a promontory by sailing 
east for 21 miles and then south for 20 miles. 
How far is the ship from its starting point? 


7. A man walks along a garden path which is in 
the shape of a regular octagon each side of which 
is 20 feet long. How far is he from his starting 
point when he has walked along (a) two sides? 
(b) four sides? (c) six sides? 


8. The minute hand of a clock is 8.0 cm long. 
What is the displacement of the tip of the minute 
hand between 3:00 and (a) 3:30? (b) 4:00? (c) 
4:152 


9. For a moving particle the speed — distance/ 
time or v = d/t. For each of the following cal- 
culate the unknown. 
(a) If d = 80.0 cm and t = 7.00 sec, find v. 
(b) If d= 3.0 m and t = 18 sec, find v. 
(c) If v = 12 ft/sec and t = 0.50 min, find d. 
(d) If v = 80.0 km/hr and t = 20.0 min, find 
d 


(e) If v = 30 miles/hour and d = 2.0 x 10? 
miles, find t. 

(f) If v = 1.86 x 105 mi/sec and d — 9.3 x 
107 miles, find t. 


10. A car travels a distance of 300 miles in 8.0 
hours. Can you say 
(a) what is its average speed? 
(b) what is its average velocity? 
(c) how far does it travel in the first three 
hours? 
(d) in what time does the car travel 200 miles? 


11. A car travels as in Question 10 but it does 
so with constant velocity due west. Answer the 
same questions. 


12. A runner makes two complete laps round an 
800-metre track in 4 Minutes 26.7 seconds. 
(a) What was his average speed in m/sec? 
(b) What was his average velocity? 
13. An aircraft travels at a constant speed of 
300 miles/hour. Find 
(a) how many minutes it will take to go 40 
miles, 
(b) how many feet it will travel in 1.0 second. 


14. Express in feet/second a speed of 


(a) 50 miles/hour, 

(b) 200 yards/minute. 
15. A man ran along the perimeter of a rectangu- 
lar field ABCD, starting at A, going north to B, 
west to C and finally south to D. AB and BC 
measured 800 yd and 500 yd respectively. He 
ran round from A to D in 7.00 minutes. Deter- 
mine in ft/sec 

(a) his average speed, 

(b) his average velocity. 
16. A man ran for 30 minutes at 6.0 m.p.h. and 


then walked for 60 minutes at 3.0 m.p.h. Deter- 
mine his average speed over the entire journey. 


17. A train travelled at 40 m.p.h. for 15 minutes, 
then at 60 m.p.h. for 75 minutes and finally at 
30 m.p.h. for 30 minutes. Determine its average 
speed. 


18. Data for the journeys made by two cars is 
given in the following table. 


CAR A CAR B 
Time Distance Time Distance 
(seconds) (feet) (seconds) (feet) 
0.0 0.0 0.0 0.0 
2.0 15.0 2.0 20.0 
4.0 30.0 4.0 40.0 
6.0 45.0 6.0 60.0 
8.0 60.0 8.0 80.0 
10.0 75.0 10.0 90.0 
12.0 90.0 12.0 90.0 
14.0 105.0 14.0 90.0 


Plot the data on a graph and from it answer the 
following. 
(a) Describe the type of motion experienced 
by cars A and B. 
(b) In 8 seconds how far is car B ahead of 
car A? 
(c) At what time did the two cars travel the 
same distance? 
(d) What is the average speed of car A? 
(e) What is the average speed of car B (i) during 
the first 8 seconds? (ii) during the last 4 sec- 
onds? 


19. The following graph represents the motion of 
a train from Ayetown to Beeville and back. The 
two cities are 100 kilometers apart. 
(a) What is the average speed of the train 
(i) from Ayetown to Beeville? 
(ii) from Beeville to Ayetown? 
(b) How long did the train stay in Beeville? 
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20. A convertible travels east at 45 m.p.h. De- 
termine the velocity of a ball relative to the earth 
if a passenger in the car throws the ball horizon- 
tally with a velocity relative to him of 

(a) 30 m.p.h. [forwards], 

(b) 25 m p.h. [backwards], 

(c) 55 m.p.h. [backwards], 

(d) 45 m.p.h. [backwards]. 


21. Three cars, A, B and C, travel along a straight 
highway, A at 50 m.p.h. [north], B at 60 m.p.h. 
[north] and C at 40 m.p.h. [south]. What is the 
velocity (a) of A relative to B? (b) of B relative to 
A? (c) of A relative to C? (d) of C relative to B? 


B 
22. A motor cycle drove eight times round a well- 
banked circular track of radius 70 feet in 30 
seconds. Determine its average speed in miles/ 
hour. (Use z = 2%). 


23. Two cars, one travelling at an average speed 
of 30 m.p.h. and the other at 66 ft/sec cover the 
same distance of 180 miles. How much later 
does the slower car arrive at its destination than 
the faster car? 


24. A man wishes to drive from one town to 
another. By one route he must go 200 miles 
and can average 40 m.p.h. By another route he 
must travel for 50 miles on roads where he can 
only average 30 m.p.h. but he can use a 180-mile 
stretch of superhighway where he can average 
60 m.p.h. How much time can he save using 
the faster route? 


25. A Cadillac and a Volkswagen travel on the 
same 120-mile stretch of highway. The Volks- 
wagen travels at a constant speed of 48 m.p.h. 
The Cadillac travels at a speed of 50 


after he has travelled @ 
at a constant speed of 
at the same time. W 


at the destination, 4 
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26. During an afternoon's drive to some scenic 
caves and back a passenger recorded the follow- 
ing times at which he passed various mileposts. 


1:00 p.m. 
1:10 
1:20 
1:35 
1:50 
2:00 
2:15 
2:30 
4:15 
4:30 
4:45 
4:55 
5:05 
5:20 
5:30 


(a) Plot the distance travelled by the car 
against the time taken. 
(b) Between which mileposts was the car trav- 
elling at the greatest speed? 
(c) How much time was available to explore 
the caves which were 54 miles from the start- 
ing point? 
(d) What was the car's average speed from 
2:00 to 2:302 
(e) What was the car's average speed during 
the last hour and a half? 
(f) On the outgoing trip the car was forced to 
slow down to about 12 m.p.h. for a few miles 
because of traffic congestion. Between which 
mileposts did this occur? 
27. A ship sailed east for 50 miles, north-east for 
40 miles and then north-west for 60 miles, taking 
9.0 hours for the entire trip. 
(a) Determine its average speed. 
(b) By a scale diagram and calculation deter- 
mine its average velocity. 
28. Car A travelling at a constant speed of 60 
m.p.h. is 32 miles behind Car B which has a con- 
stant speed of 40 m.p.h. By means of a distance- 
time graph determine when Car A will overtake 
Car B. 
29. An Indian in a canoe shoots an arrow hori- 
zontaly at 50 ft/sec due south relative to his 
canoe which is being paddled upstream at 7.5 
m.p.h. relative to the water. The river flows 
south at 8.0 ft/sec. 
(a) What is the velocity of the arrow relative 
to the land? 
(b) If the canoe is paddled downstream and 
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the arrow shot due north, what is the velocity 
of the arrow relative to the land? 


c 


30. A squirrel clings to the side of a tree about 
five feet from the ground. A man walks com- 
pletely round the tree once during which time the 
squirrel always remains out of sight by keeping 
on the side of the tree opposite to that nearest 
the man. Does the man go round the squirrel? 
State your reasoning. 


31. A plane is directed due north with an air 
velocity of 300 m.p.h. What is the ground speed 
of the plane 

(a) with a head wind of 20 m.p.h.? 

(b) with a tail wind of 30 m.p.h.? 

(c) with an east wind of 50 m.p.h.? 
32. Several men row a boat across a river at 7.8 
km/hr towards the north shore. The boat is 
always kept headed at right angles to the stream. 
The river flows at 10.4 km/hr due west and is 
1625 metres wide. 

(a) In what direction does the boat move? 

(b) What is its speed relative to the land? 

(c) How long would the men take to cross the 

river if there were no current? 

(d) How long did they actually take to cross 

over? 
33. During an interval ¢ a car travels at a speed 
of 3v, then during 3t it travels at v and during a 
final interval of 21 it travels at 3y. 

(a) What is the total distance travelled in 

terms of v and 1? 

(b) What is the average speed over the entire 

journey? 
34. The graph represents the motion of a freight 
train. % 

(a) Describe its motion as represented (i) at A, 

(ii) by AB, (iii) by BC, (iv) by DE. 

(b) In what time did the train reach 30 m.p.h.? 


(c) How far did the train travel in the last 20 - 


minutes? 


Speed (m.p.h.) 


10 15 20 25 30 
Time (minutes) 


CHAPTER | 


ACCELERATION 


Moving objects rarely maintain a constant 
velocity. External influences frequently cause 
an increase or decrease in their speed or pro- 
duce a change in the direction of their motion. 
This chapter deals with such changes in motion. 
When the velocity of an object changes in either 
direction or magnitude, we say that acceleration 
takes place. If an object travels along a straight 
path, its motion is said to be rectilinear; if it 
travels along a curved path, we call its motion 
curvilinear. In this chapter, we will consider 
only rectilinear, or straight-line, motion. It 
has been said that acceleration is the speed 
at which speed changes speed. However, while 
containing some truth, this definition is hardly 
satisfactory from a scientific point of view; a 
more detailed and precise explanation of accel- 
eration is required. 


DEFINITION OF ACCELERATION 


If a car travelling north changes its velocity 
from 30 m.p.h. to 50 m.p.h. in a certain time, 
it experiences a total change in velocity of 
20 m.p.h. during that time. The car has accel- 
erated. Assuming that the change in velocity 
took place uniformly over a period of 5 sec- 
onds, there has been an increase in velocity 
of 4 m.p.h. [north] each second, and we can 
say that the acceleration of the car is 4 m.p.h. 
per second [north]. If the north-bound car 
had changed its velocity from 30 m.p.h. to 
50 m.p.h. in a longer time, say 8 seconds, it 
would have ‘accelerated less rapidly even 


though it experienced the same velocity change. 
Its acceleration over the 8-second interval 
would be 20 m.p.h. per 8 seconds [north], or 
2.5 m.p.h. per second [north]. 

To summarize this, the rate of change of 
velocity is called acceleration, which is defined 
as follows: 
change in velocity 


Average acceleration = : 
time elapsed 


_ final velocity — initial velocity 

"i time elapsed 
Notice that the term velocity, rather than speed, 
is used. This means that direction is implied 
for acceleration, and that it too is a vector quan- 
tity. For the car in the above example, acceler- 
50 m.p.h. [north] — 30 m.p.h. [north] 

5 seconds 
20 m.p.h. [north] 
5 seconds 


— 4 m.p.h./sec [north]. 


ation — 


Il 


ALGEBRAIC REPRESENTATION OF 
ACCELERATION 


From the foregoing it is seen that the acceler- 
ation of an object is given by 

> > 

Y—u 


my 
f= ret 


-> ^ a . 
where a = acceleration v = final velocity 


ù = initial velocity t = time taken 
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Fig. 4-1. The velocity of an object ot any given time can 
be represented by a vector. The greater the velocity of 
the object, the longer will be the equivalent vector. Thus 
when an object is accelerating, its velocities at succeeding 


This formula is often Stated as 


> > > 
V — M 4 at, 


or, final velocity — initial velocity 4- accelera- 
tion x time taken, 


The units of acceleration are those of velocity 
divided by time. In the MKS system these 
are (metres/second) /second, which is Tead as 
metres per second per second. However, 


metres _ metres 1 
second: `. Second = second * second 
. metres 
~ second? 


and therefore the MKS unit of acceleration 
may more conveniently be stated as metres/ 
second? (read as metres per second squared). 
In the CGS and FPS Systems the correspond- 
ing units are cm/sec? and ft/sec? respectively. 


VECTOR REPRESENTATION OF 
ACCELERATION 


Consider again the car that accelerates uni- 
formly from 30 m.p.h. [north] to 50 m.p.h. 
[north] in 5 seconds. If one passenger in the 
car watched the speedometer while another 
counted out the time in Seconds, the following 
values would correspond: 
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20 m.p.h. [north] 


sec 


intervals can be shown as a series of vectors, each larger 
than the one before. The difference in length between the 
first and last vectors divided by the elapsed time will give 
the acceleration of the object. 


Time taken Velocity 


in seconds in mp.h.[north] 
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The velocity is increasing at the rate of 4 m.p.h. 
[north] each second. These successive veloci- 
ties can be represented by vectors as in Fig. 4-1. 
These vectors are increasing in length, the in- 
crease being uniform. Each vector quantity 
is 4 m.p.h. [north] greater than the one before. 
To velocity 7? must be added the 4 m.p.h. 
[north] to obtain velocity W. Similarly 


wa 4 m.p.h. [north] EU 


pe 4 m.p.h. [north] E etc. 

From the diagram it is apparent that the little 
differences add up to the total difference, which 
is V— u^. The total velocity change of 20 
mp.h. [north] is thus represented by the vector, 
V — 4. If this is then divided by the time t 
of 5 seconds, we have an acceleration vector 
of 4 m.p.h./sec [north]. That is, 

aisi 


m u 


a = 


t 


GRAPHICAL REPRESENTATION OF 
ACCELERATION 

A velocity-time graph is similar to a speed- 
time graph except that it must include the direc- 
tion of velocity on the vertical axis. The mo- 
tion of the car just discussed is represented by 
the graph shown in Fig. 4-2. The dots are 
plotted from the values observed by the pas- 
sengers in the car. The magnitudes of the six 
velocity vectors of Fig. 4-1 are shown as verti- 
cal broken lines. The line plotted on the 
graph is straight, thus indicating that the accel- 
eration is uniform. If the acceleration were 
not uniform, the plotted line would be curved. 
It should be noted that the initial velocity of 
30 m.p.h. [north] is represented by the broken 
line, % and the final velocity of 50 m.p.h. 
[north] by V. Fig. 4-3 shows the velocity 
change of 20 m.p.h. [north], or Y' — @ as the 
rise from the first point to the last. The time 
t taken for the velocity change is the run be- 
tween the corresponding points. 


velocity change 
time taken 


> = 
v—u 
i 
_ rise 
run 
— the slope of the line 
plotted on a velocity- 
time graph. 


Thus the acceleration — 


Just as the slope of a displacement-time graph 
represents velocity so the slope of a velocity- 
time graph represents acceleration. A hori- 
zontal line on a velocity-time graph represents 
uniform velocity as shown in Fig. 4-4, since 
the velocity remains unchanged as time goes 
on. This line has zero slope and hence indi- 
cates zero acceleration, which obviously means 
uniform velocity. 

It is of interest to consider displacement 
when examining a velocity-time graph. Fig. 4-4 
shows a graph representing uniform motion of 
20 ft/sec [north]. The line is horizontal for 
8 seconds. 
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Velocity (m.p.h.) 
[north] 


i 


LI 
|] 

i i 

0 1 2 3 4 5 
Time (seconds) 


Fig. 4-2. A velocity-time graph may be constructed by 
joining the ends of velocity vectors erected on the hori- 
zontal oxis at the appropriate time intervols. It is 
similar to a speed-time graph, but the vertical axis must 
include a statement of the direction of the velocity. 


Velocity (m.p.h.) 
[north] 


0 1 2 3 4 5 
Time (seconds) 


Fig. 4-3. In a velocity-time graph, the rise indicates a 
change in velocity, and the run indicates the corresponding 
time elapsed. The average acceleration indicated by a 
portion of the graph is found by dividing the rise for that 
portion by the run for the same portion. 


Displacement 
=area fon the SV 


T 


Viwxwceswu ew 


1 4 
di RDA 
Fig. 4-4. On a velocity-time graph, a horizontal line 
represents uniform motion. The area beneath a portion 
of the graph represents the displacement of the particle . 
during the corresponding portion of the motion. 
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Velocity (ft/sec) 
[north] 


is 
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Thes tatu 


T= 20 ft/sec [north] 
Sume the motion is uniform, 
dnplacement = velocity x time. 
That is, d» vt 
= 20 D. [north] x 8 sec 
= 160 ft [north]. 


Bot the arca. "below the line," that is, between 
the line plotted on the graph and the time axis, 


= area ABCD 

= AB x BC 

= 20 f (porth] x 8 sec 
= 160 ft [north]. 


Thus the area below the line plotted on a 
welocity-time graph represents the displace- 
ment of the particle whose motion is repre- 
sented. 


Fig. 4-5 shows a graph representing uniform 


= % x 8 sec x 20% [north] 
= 80 ft [north]. 
This may be understood by considering that if 
N 


sei. y m 
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lsec 2se 3sec 4sec 5 sec 


E 
fie 


0 
ad E EE 


the ity is changing uniformly from zero 
to 20 ft/sec [north] then the average velocity 
is Any object travelling 


ip tf 
2 zi s 
irl 


v 


l: 
li 


M à car slows down from 50 m.p.h. [north] to 
30 mph. [north] in 5 seconds, then algebra 


ically, w= 50 mph. [north] 
v m.p.h. [north] 
t= $ seconds 


-> van 


and a r 
(30 - 30) m.p.h. [north) 
E $ seconds 


4 m.p.h./sec [north]. 


The velocity vectors are drawn in the reverse 
order to that shown in Fig. 4-1 and appear as 
in Fig. 4-6. The question then aries: “In 
what direction is the car accelerating?” To 
answer this we must determine the change in 
Velocity cach second; that is, we must find that 
Vector which when added to any one of the 
vectors in Fig. 4-6 will give the succeeding vec- 
for. This must be a vector representing a 
Velocity of 4 m.p.h. [south]. Hence the car's 
acceleration is 4 m.plh./sec [south] even 
though it is travelling north. 


ACCELERATION 


M velocities amd acoderitionms directed to- 
wards the torth are capeemed im terms of por- 
tive numbers, it i meters! to (expres those 
directed towards the vosth s: mogative numbers 
A welocity of 4 mph. [south] is equivalent to 
à velocity of ~4 mph. (north), and an accel- 
eration of —4 m p.h /we [north] is the same as 
an acceleration of 4 mph sec [south] 

In the above example of the car showing 
down from 50 mph. [north] to 30 mph. 
[north] in 5 seconds, it is important to realize 
that the acceleration is in the opposite. direc- 
tion to the velocity of the car. The direction 
of the acceleration is that in which the velocity 
is changing. The velocity of the car is de- 
creating at the rate of 4 m.ph./we [north]; 
that is, its acceleration is ~4 m p.h. /sec [north] 
which is equivalent to an acceleration of 4 
m.p.h./sec [south], although the car is moving 
towards the north. 

This type of motion, in which the velocity 
decreases, is sometimes called deceleration in 
contrast to the acceleration treated at the be- 
ginning of the chapter. However, to avoid the 


LX Pese ensiece hen reo masia hun and cepe 
Wee etesleretion mey al be dam oa the seme graph. 
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use of such terms as "deceleration," "back- 
wards" or "forwards" it is usually more con- 
venient to assign one direction as positive and 
the opposite direction as negative. If north 
is denoted as the positive direction in a par- 
ticular problem, for instance, then an accelera- 
tion of 10 m/sec? [north] is written simply as 
10 m/sec? and a deceleration of 10 m/sec? 
[north] is written as —10 m/sec?. 

Fig. 4-7 shows three stages of accelera- 
tion—positive, zero and negative—which may 
be experienced by an eastbound car. It starts 
from rest and accelerates uniformly for 40 
seconds to a velocity of 60 ft/sec [east]. It 
then travels at this velocity for 2.0 minutes 
at the end of which time it uniformly slows 
down to a state of rest over a period of 20 
seconds. If east is considered as positive, the 


car has a positive acceleration for the first 40 
seconds, zero acceleration for the next 120 
seconds and a negative acceleration for the 
final 20 seconds. Where convenient the term 
"negative acceleration" should be used in place 
of the term “deceleration.” 

In rectilinear motion: 

If an object gains speed while travelling in a 
positive direction, its displacement, velocity and 
acceleration are in the same direction and are 
positive. 

If an object loses speed while travelling in 
a positive direction, its displacement and velo- 
city are positive, but its acceleration is negative. 

In curvilinear motion the directions of dis- 
placement, velocity and acceleration may be 
quite different from each other and further dis- 
cussion is beyond the scope of this text. 


SAMPLE PROBLEMS ON ACCELERATION 


In solving problems involving acceleration it is advisable first to state the direction 
that is chosen to be positive. In general, this should be from the initial position 


of the object towards its final position. 


= Example 4-1: An object travelling initially at 20 ft/sec [east] is accelerated 


uniformly at 5.0 ft/sec? [east]. 


Solution: Consider east as positive. 


What is its velocity after 8.0 seconds? 


t" =>, 
Initial velocity u = 20 ft/sec 


Acceleration TA 5.0 ft/sec? 


Time 


1 = 8.0 sec 


> > > 
Then v=u+ at 


ft 


xad Ss pig E e 


sec sec 


= 20ft/sec + 40 ft/sec 
= 60ft/sec. 


«`. the velocity after 8.0 seconds is 60 ft/sec [east]. 
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= Example 4-2: The object in the previous example, moving initially at 20 ft/sec 
[east], is accelerated uniformly at 5.0 ft/sec? [west]. What is its velocity after 
(i) 3.0 seconds? (ii) 4.0 seconds? (iii) 6.0 seconds? 


Solution: Consider east as positive. 


-> 
(i) u = 20 ft/sec 


ft 
sec 
= 20 ft/sec — 15 ft/sec 
= 5.0 ft/sec. 
«^. the velocity after 3.0 seconds has dropped to 5.0 ft/sec [east]. 


= 20-f + (-5.)-4, x 3.0 sec 


(ii) 


0 ft/sec — 20 ft/sec 


(iii) 


= 20 ft/sec — 30 ft/sec 
= —10 ft/sec. 
-". the velocity after 6.0 seconds is 10 ft/sec [west]. 
Note that in this problem the acceleration is in the opposite direction to the 
original motion. The object slows down, stops in four seconds and then gains 
speed as it moves back again towards the west. The acceleration remains unchanged. 


It is always 5.0 ft/sec? towards the west. 
61 


MATTER IN MOTION 


€ Example 4-3: How long will it take for a car to increase its speed from 6.0 m/sec 
[south] to 24 m/sec [south] when accelerating uniformly at 4.0 m/sec? [south]? 


u = 6.0 m/sec 
= 
y = 24 m/sec 
T = 4.0 m/sec? 
> => => 
v= u+ at 
-> > 
in n H 
— 


24 m/sec — 6.0 m/sec 
4.0 m/sec? 
18 m | sec? 
= 4O0sec m 
= 4.5 sec. 


„`. the time taken is 4.5 seconds. 


= Example 4-4: What is the acceleration of a stone which is thrown vertically 
upwards with a velocity of 28 m/sec, if it reaches its maximum height in 2.8 
seconds? 


Solution: Consider up as positive. 
TU = 28 m/sec 


— 


v = 0 (At its maximum height the stone has momentarily stopped.) 
t = 2.8 sec 


.*. the stone's acceleration is 10 m/sec? [downwards]. While moving upwards the 
stone is accelerating downwards; that is, as it moves upwards its velocity is 
decreasing. 
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ACCELERATION 
EXPERIMENT 1-2 
Measurement of Acceleration 


. Acceleration is the rate of change of veloci- 
ty and therefore accelerations may be calcu- 

lated if velocities and times are measured. 100 
However, accelerations may also be calcu- 
lated from measurements of distances and 
times, and in the laboratory it is often easier 
to measure these than to measure velocities 
and times. 


. A pair of metre sticks may be clamped to- 
gether to form a groove in which a ball 40 
bearing can roll. One end of the metre 
sticks should be raised just enough for the 
ball to start rolling without a push. 


8 


3. Determine the times required for the ball 0 
to travel distances of 10, 40, and 90 cm 0 2 4 6 8 10 
from the rest position. Calculate the aver- Time (sec) 

age velocities. If the acceleration is con- 

stant, each average velocity is the actual — 4 boll that is rolli 

velocity at half time in the motion. The undergoes pe eo ae ipe i 
quotient of the change in velocity divided acceleration. The times 
by the change in time is the acceleration. several from 


- Galileo's method was to compare distances 
travelled from rest with the squares of the 
times required. Measure the times that the 
ball takes to roll 20, 40, 60, and 80 cm. If 
the ball rolls a distance d in time t with 
constant acceleration, the fraction d/i* 
should be constant. Enter the measure- 
ments and calculations in a table. The 
acceleration is 2d/??. A graph of d E 
the vertical axis against f on the horizontal 1 
axis should be close to a straight line. d lees ed Be purum ledig AN 


After measuring the times required for the point The slopes of the tangents drawn 
ball to roll several distances from rest, plot in the figure can be determined giving the 
the results on a distance-time graph. For velocity at each point. A velocity-time 
uniform acceleration the graph has the graph of these data should be close to a 
shape of the one shown in the illustration. straight line. The slope of the straight line 
The velocity at any point is the slope of the is the acceleration of the motion. 


5. 
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EXERCISES and PROBLEMS 


A 


1. The bow of a speed-boat faces west and the 
boat is drifting westwards fairly rapidly. In 
what direction does it first accelerate 
(a) if the engine is started and the boat sud- 
denly races forward? 
(b) if the engine is started and set in reverse 
to counteract the drifting? 


2. An elevator starts from rest on the first floor 
and gains speed as it rises to the second floor. It 
then continues to move upwards at constant speed 
to the ninth floor where it slows down gradually 
till it stops at the eleventh floor. In which direc- 
tion does it accelerate as it moves upwards 

(a) from the first floor to the second? 

(b) from the second floor to the ninth? 

(c) from the ninth floor to the eleventh? 


3. A boy leans over the balcony of a fourth floor 
apartment and drops a ball to the sidewalk below. 
(a) What is the initial velocity of the ball? 
(b) What is the direction of acceleration of 

the ball 
(i) as it falls? 
(ii) during the time it is in contact with the 
sidewalk? 
(iii) as it rises after bouncing from the 
sidewalk? 


4. What is the average acceleration of a rocket 
that starts from rest, rises vertically and attains a 
velocity of 1500 m.p.h. [upwards] in 20 seconds? 


5. A wrench falls vertically from the top of a 
tower. It takes 5.5 seconds to reach the ground 
which it hits with a velocity of 176 ft/sec. What 
is the average acceleration of the wrench? 


6. When a traffic light turns green a car is at 
rest; 8.0 seconds later the car has reached a velo- 
city of 28 m.p.h. [west]. 
(a) What is its average acceleration? 
(b) Make a chart showing the velocity of the 
car at the end of each second assuming the 
acceleration to be uniform. 
(c) Plot these results on a velocity-time graph. 
(d) From the graph determine how long the 
car took to reach 20 m.p.h. 


7. Rewrite the acceleration formula, V= 1? +a, 
. so that 


(a) Wis expressed in terms of È t and 2 
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(b) @is expressed in terms of t, R and V. 
(c) t is expressed in terms of d, and Vv. 


8. Calculate the unknown quantity in each of the 
following, for objects which accelerate uniformly. 
(a) @= 12 cm/sec [north], V= 51 cm/sec 
[north], t = 6.5 sec, 2 — ? 
(b) X= 80 ft/sec [upwards], V= 16 ft/sec 
[upwards], t = 2.0 sec, 2 — ? 
(c) Z= 980 cm/sec? [downwards], 
t = 3.00 sec, V = ? 
(d) R= 50 km/sec [east], Z= 0.50 km/sec? 
[west], £ = 12.0 sec, v = ? 
(e) V= 15.0 m.p.h. [south], 2 = 3.0 m.p.h./sec 
[south], t = 2.5 sec, W= ? 
(f) V= 18.0 m/sec [north], 2 = 0.30 m/sec? 
[south], t = 21 sec, W= ? 
(g) @= 45 m.p.h. [west], Y — 60 m.p.h. [west], 
T= 40 m.p.h./sec [west], t = ? 
(h) @ — 45 m.p.h. [east], v = 60 m.p.h. [east], 
@= 1.08 x 10* m.p.h./sec [east], t = ? 


=> 
“= 0, 


9. A sprinter starts from rest with an acceleration 
of 8.4 ft/sec? [forwards]. 
(a) What speed does he reach in 0.50 seconds? 
(b) How long will it take him to reach a veloci- 
ty of 12 ft/sec [forwards]? 


10. A body travelling with a velocity of +64 
cm/sec has an acceleration of —12 cm/sec”. In 
what time will it come to rest? 


11. A southbound train increases its velocity from 
18 km/hr to 54 km/hr in 3 minutes 20 seconds. 
What is its average acceleration in metres/sec- 
ond?? 


12. In 20 minutes a train decelerates from 90 
m.p.h. to 30 m.p.h. while travelling west. Calcu- 
late its average acceleration in m.p.h./min and 
in miles/hour?. 


13. A motor cycle crosses an intersection with an 
acceleration of 4.4 ft/sec? [south]. At what velo- 
city must it enter the intersection if it crosses it in 


2.5 sec and leaves it at a velocity of 56.0 ft/sec 
[south]? 


14. A rocket, used to boost a satellite, reached a 
speed of 3.00 x 10* km/hr in 2.10 minutes. 
What was the average acceleration 

(a) in (km/hr)/sec? 

(b) in m/sec?? 


15. A ball is rolled up a straight incline starting 
with an initial velocity of 20 ft/sec. In 3.0 sec 
the ball is still moving up the plane but has slowed 
down to 8 ft/sec. Assuming uniform acceleration 
determine 

(a) the acceleration of the ball, 

(b) the velocity of the ball in 5.0 seconds; 

7.0 seconds; 10.0 seconds. 


16. A car travelling at 60 m.p.h. slows down to 
40 m.p.h. in 2.5 seconds. Assuming that the same 
deceleration would continue uniformly, how 
many seconds would the car take to slow down to 
12 m.p.h. from its initial velocity? 


17. A toy friction car is propelled forward from 
rest by a boy's hand which causes it to reach a 
forward velocity of 15 ft/sec in 0.40 seconds. 
It is then released and later stops in 5.6 seconds. 
Calculate the average acceleration with which the 
car speeded up, and with which it slowed down. 


18. The velocities of an eastbound train were re- 
corded at various times as follows: 


Time Velocity 
(sec) (m.p.h. [east]) 
0.0 0.0 

1.0 2.0 

2.0 6.0 

3.0 10.0 
4.0 15.0 

5.0 20.0 

6.0 25.0 

7.0 30.0 

8.0 35.0 

9.0 39.0 
10.0 42.0 
11.0 44.0 
12.0 45.0 
13.0 45.0 
14.0 45.0 
15.0 45.0 

(a) Plot these observations on a velocity-time 


graph. 
(b) Describe the motion of the train 
(i) during the first three seconds, 
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(ii) during the next five seconds, 

(iii) during the last three seconds. 
(c) What is the acceleration from the fourth 
to the eighth second? 
(d) What is the average acceleration over the 
15-second interval? 


19. A boy in a wagon starts from rest down a 
straight incline gaining speed with uniform accel- 
eration as he travels. In 7.00 seconds he is 
travelling at 15.4 ft/sec. 
(a) What is his velocity in 10 seconds? 
(b) How long will it take him to reach a speed 
of 30.0 m.p.h.? 
(c) Plot a velocity-time graph of the boy's 
motion and determine, from the graph, the 
distance travelled in 15.0 seconds. 


cC 


20. From the graph plotted in Question 6 deter- 
mine how far, in feet, the car travelled during the 
eight seconds after the light turned green. 


21. (a) Convert an acceleration of 54 x 10? 
miles/hour? to an acceleration expressed in 
ft/sec?. 

(b) Convert an acceleration of 90 yd/min? to 
an acceleration expressed in ft/sec?. 

(c) Convert an acceleration of 25.92 km/hr? 
to an acceleration expressed in cm/sec?. 


22. Consider a vehicle accelerating uniforml 
with an acceleration @ from an initial velocity 
to a final velocity Y in time t. Derive, by means 
of a graph, a formula for the displacement d in 
terms of 4, Y and t. In this formula replace ¥ 
with @ + dt and thus derive another formula for 
displacement d; but now in terms of T, 2 and t. 


23. A model train engine accelerates forwards 
from rest along a straight track at 10 cm/sec? 
for 10 seconds; it then accelerates forwards at 
16 cm/sec? for 5.0 seconds and finally accelerates 
backwards at 12 cm/sec? until it stops. 

(a) Plot a velocity-time graph of its motion. 

(b) For how many seconds did the engine 

travel? 

(c) What was its maximum velocity? 

(d) What was its average velocity? 

(e) What was its average acceleration? 
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CHAPTER 


FORCE AND MOTION 


Why does anything move? What causes uni- 
form motion? What conditions are necessary 
for acceleration? To answer these, and many 
similar questions, we must examine the causes 
of motion or of changes in motion. This study 
is called dynamics. Kinematics describes mo- 
tion, dynamics explains it. This chapter deals 
with the elementary dynamics of rectilinear, or 
straight-line, motion. 


THE NATURE OF FORCES 


A white-hot meteor plunges towards the earth, 
a cable pulls skiers up a mountainside, a nail 
leaps up towards a magnet, a pith ball moves 
towards a recently used comb, an elastic band 
catapults a paper missile across a room, a 
bullet races along the barrel of a rifle, a foot- 
ball is thrown across a ball park. What causes 
the motion in each case? The answer can al- 
Ways be expressed in terms of a thing, a 
material object. The earth pulls the white-hot 
meteor, the cable pulls the skiers, the magnet 
pulls the nail, the comb pulls the pith ball, the 
elastic band pushes the paper missile, the gases 
from gunpowder push the bullet, the quarter- 
back's hand pushes the football. In each exam- 
ple there is a pull or a push which is called a 
force. Fach of these forces is exerted by some 
object on another object. The forces are of 
apparently different types: the first is a gravi- 
tational force, the second a tensile force, the 
third a magnetic force, the fourth an electric 
force, the fifth an elastic force, the sixth an 
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explosive force and the seventh a muscular 
force. The adjectives, gravitational, tensile, 
magnetic, electric, elastic, explosive, and mus- 
cular, give descriptions of the source of the 
force rather than of the force itself. They im- 
ply that there are many different types of force, 
but all forces have many features in common. 
Each force has a magnitude, whether small or 
great. Each force has a direction: towards the 
earth, up the mountainside, towards the mag- 
net, towards the comb, across the room, along 
the rifle barrel, across the ball park. Quantities 
which have magnitude and direction are vector 
quantities; hence a force is a vector quantity. 

If several forces act on an object simultane- 
ously their net effect on the object depends only 
on the resultant of the forces as shown in Fig. 
5-1. If a force of 20 units [east] and one of 


Force of 
20 units 


Force of 
20 units 


Force of 
20 units 


Unbalanced force = O 


Fig. 5-1. If several forces act on an object simultaneously, 
their net effect on the object depends only on the unbal- 
anced force; that is, on the resultant of all the forces that 
are acting on the object. 


Rock does not move 
Muscular force < 


— 


Frictional force 


(a) 
When the movement of a stationary object is 
being impeded by a frictional force, the object will only 


Fig. 5-2. 


15 units [west] act together on an object their 
resultant is 5 units [east], since all but 5 units 
of the easterly force are balanced by the wester- 
ly force. Thus the unbalanced force acting on 
the object is 5 units [east]. The object then 
acts as though there were a single force of 
5 units acting on it in an easterly direction. 

If a force of 20 units [east] and a force of 
20 units [west] act at the same time on an 
object, their sum, or resultant, is zero. The 
object then acts as though no force were being 
exerted on it. The resultant force is called the 
unbalanced force which, in this case, is zero. 
Here, the two applied forces exactly balance 
each other since they are equal in magnitude 
but opposite in direction. 

It should be noted that there is no need for 
actual contact between objects for there to be 
forces acting between them. If a man pushes 
a rock by placing his hands in contact with it, 
he is exerting a contact force. If the rock is 


Mechanical force 


——— 
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Rock moves == 


Frictional force 


(b) 
move if the applied force is greater than the maximum 
frictional force which is resisting the movement. 


pushed over a cliff, it falls to the valley below. 
While the rock is falling, the earth is exerting 
a downward gravitational pull on it even 
though the two are not in contact. This pull 
may be called an action-at-a-distance force. 


FORCE WITHOUT MOTION 


The examples of forces mentioned so far seem 
to imply that if a force is exerted on an object, 
the object will move. However, if a workman 
pushes against a very large rock lying on the 
ground, the rock is unlikely to move. This sug- 
gests that if the man exerts his muscular force 
due east there must be another force pushing 
due west so that the unbalanced force acting on 
the rock is zero. The rock would then be un- 
affected. This second force is the force of 
friction exerted by the ground towards the west 
as shown in Fig. 5-2(a). As the man increases 
his force the ground increases its force so that 
the muscular and the frictional forces are al- 
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Frictionless surface 


m 


fe 


f i 


Fig. 5-3. If, on a frictionless surface, a man depends on 
the normal frictional resistance to motion, he may suddenly 
find himself very badly let down! 


ways equal in magnitude but opposite in direc- 
tion. The man probably finds that he cannot 
exert a force great enough to overcome the 
opposing frictional force. The ground, how- 
ever, can only exert a frictional force up to a 
certain limit. If a powerful bulldozer pushes 
against the rock with a force greater than the 
maximum frictional force, the result is an un- 
balanced force, and the rock moves as in Fig. 
5-2(b). The rock, when stationary, has a ten- 
dency to remain at rest (even if there is no 
friction), and there is always a reaction against 
anything that attempts to push or pull it from 
its position of rest. Aristotle stated this idea 
when he said: *Every object has the tendency 
not to be forced." 

If the rock were lying on a frictionless sur- 
face it would still have this "tendency not to 
be forced." It would remain stationary of its 
own accord unless a force were exerted against 
it The rock would react against the object 
which pushes it, but it would no longer remain 
stationary since the counterbalancing force of 
friction would no longer exist. In fact, if there 
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were two such massive rocks lying on the fric- 
tionless surface and the man stood on both as 
in Fig. 5-3, to his surprise they would move 
apart. They would be pushed in opposite 
directions by his feet. His muscular force 
would not be opposed by any frictional force. 
Each rock would experience an unbalanced 
force and would therefore move from rest. 

To summarize, if a force applied to a sta- 
tionary object is exactly counterbalanced by 
another force, the object will not move. If the 
applied force is not counterbalanced, the object 
will move with accelerated motion. 


MOTION WITHOUT FORCE 


The above discussion only deals with forces on 
objects which are originally stationary. We 
must now look at the effect of forces on objects 
which are already in motion. Imagine a space 
ship which has been projected into outer space 
at a speed of 20 000 m.p.h. Suppose that it is 
far enough away from everything so that no 
force acts on it and that there are no air mole- 
cules to cause a wind resistance as it rushes 
through the vacuum. : That is, no pulls or 
pushes of any kind whatever are exerted on the 
moving space ship. Will it slow down and stop? 
If so, what causes it to lose speed? If not, 
what keeps it moving? Since no force acts on 
it, must it have no motion? More specifically, 
what is the relation between force and motion? 
This is the important question, and the answer 
can only be that since no force acts, there can 
be no changes in motion. And so the space 
ship will continue in a straight line at 20 000 
m.p.h. indefinitely. It has a natural tendency 
to maintain its velocity without any change in 
magnitude or direction. The space ship would 
go on for ever at this speed without slowing 
down, speeding up, or swerving to left or right. 
It must be emphasized that this is so, provided 
that no force is exerted on the moving ship. 
What force drives it forward? To this ques- 
tion the answer is that it is not being driven 
forward, it is merely coasting, and this re- 
quires no force. All material objects have this 
natural property of maintaining their uniform 


(b) 


Fig. 5-4. Inertia enables us to do many tricks of the sort 
shown here. |n each of the three cases, with the coin, 
with the fountain pen cap and with the Erlenmeyer flask, 


motion once they are moving. If there were no 
gravitational force exerted by the earth on a 
ball which is thrown vertically upward, and 
if air resistance were neglected, the ball would 
climb and vanish out of sight, moving away 
from the earth with constant velocity. Galileo 
claimed that *. . . any velocity once imparted 
to a body will be rigidly maintained as long 
as there are no causes of acceleration or re- 
tardation, a condition which is approached only 
on horizontal planes where the force of friction 
has been minimized." 


NEWTON'S FIRST LAW OF MOTION 


These ideas, put forth by Aristotle and Galileo, 
were summed up in one law known as Newton’s 
first law of motion. It may be stated as fol- 
lows: 
A particle will maintain its velocity unchanged 
unless acted upon by an external unbalanced 
force. 
This, of course, includes the case when the velo- 
city is zero. The tendency of matter to main- 
tain a state of uniform velocity is called inertia. 
Newton's first law of motion is often referred 
to as the law of inertia. A force is that which 
overcomes inertia; that is, that which tends to 
change an object’s state of rest or of uniform 
motion. Newton's first law of motion is illus- 
trated by the following simple experiments. 
(a) Balance a one-cent piece on a small card 
on your finger as in Fig 5-4(a). The 
centre of the coin should be immediately 
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the frictional force between the material and the object 
is insufficient to overcome the inertia of the object; thus 
the object remains stationary while the material moves. 


above the centre of the end of your finger. 
Flick the card away quickly and the coin 
will remain balanced on your finger. The 
friction between the card and coin is not 
sufficient to overcome the inertia of the 
coin. 
Place a piece of thin paper under a stand- 
ing fountain pen cap as shown in Fig. 
5-4(b) so that part of the paper extends 
over the edge of the table. With a moist- 
ened finger, slap downwards against the 
unsupported end of the paper. The paper 
will move away and the cap, because of 
its inertia, will remain. 
(c) Place an Erlenmeyer flask half filled with 
water on a seamless silk cloth on a table 
with a part of the cloth hanging over the 
table's edge. Grasp this part of the cloth 
with both hands and suddenly jerk it out 
from under the flask as in Fig. 5-4(c). 
The flask, because of its inertia, should 
remain on the desk, and not be shattered 
on the floor. 
Suspend a 1-kilogram cylinder from a 
support by a piece of cotton thread. To 
the bottom of the cylinder attach another 
piece of thread as in Fig. 5-5. Pull the 
lower thread downwards with a sudden 
jerk. The cylinder will remain suspended. 
Its inertia hinders it from moving as rap- 
idly as your hand, so the lower thread 
breaks. Now replace the broken thread 
with a new piece and pull slowly, taking 
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(b) 


(d) 


MATTER IN MOTION 


The upper thread must support both the 
cylinder and the pull of your hand; the 
lower thread supports only the pull of 
your hand. 

(e) Remove the cover of a cardboard box and 
knock out one end of it. Put a ball in the 
box and move it along a table with the 
open end forward. Suddenly stop the box. 
The ball continues its motion at its origi- 
nal velocity. It might roll off the table, 
out through an open window, straight over 
the landscape, on and on through our 
atmosphere and away into outer space 
were it not for various forces, such as 
friction and gravity, which cause it to slow 
down or turn off course. 

(f) A ballistics car is a vehicle which con- 
tains a vertical cannon (Fig. 5-6). The 
cannon is a vertical, cylindrical socket in 
which a steel ball is placed. The ball rests 
on a spring-activated plunger. The spring, 
when compressed, is held in place by a 

Fig. 5-5. In this experiment a sharp jerk on the lower pin, and when the pin is pulled out, the 

thread will cause it to break. A steady pull on the lower spring shoots the ball into the air. A 

thread, however, will cause the upper thread to break. string is attached to the pin to facilitate 

its removal. The cannon is fired first 


Zz 


care to catch the cylinder before it causes when the car is stationary. The steel ball 
any damage, for this time the upper thread goes straight up and falls back down into 
rather than the lower thread breaks. This the socket. The cannon is then loaded, 
occurs because the tension in the upper the free end of the string held firmly and 
thread is greater than that in the lower. the car pushed forward. The pin comes 


Fig. 5-6. A ball projected from 
the vertical socket of a ballistics 
car will fall back down into the 
socket so long as the car is sta- 
tionary or in uniform motion. 
Both the car and the ball, be- 
cause of their inertia, move with 
the same uniform forward mo- 
fion. The ball always remains 
above the centre of the car's 
socket while in flight. 
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t Pull of horse 


Fig. 5-7. When a horse is pulling a crate with uniform 
motion along a platform, there can be no unbalanced 
force acting on the crate. The pull of the horse will 


out, the spring is released and the ball is 
shot into the air from the moving car. 
The ball falls back into the car regardless 
of the velocity of the car. Both the car 
and the ball, because of their inertia, move 
forward with the same uniform forward 
motion. The ball remains above the cen- 
tre of the socket while in flight. 

Many illustrations and applications of the 
law of inertia are seen in daily life. In stoking 
coal into a furnace, a stoker sets the shovel 
and coal in motion. He then stops the shovel. 
The coal continues into the fire-box, provided 
that the aim of the stoker has been good. 
Passengers who are standing in a bus lurch 
forward when the brakes are applied suddenly. 
Because of their inertia, the passengers tend to 
continue forward with uniform motion while 
the bus comes to rest. If the bus then moves 
forward suddenly the passengers topple back- 
wards. Because of their inertia, they now 
tend to remain at rest while the bus moves on. 
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Upward force of platform 


Platform 


Friction 


Gravitational pull of earth 


exactly equal the frictional force between the crate and 
the platform, and the downward force of gravity will be 
balanced by an equal upward force due to the platform. 


A person who steps off a moving object, such 
as a newspaper truck or merry-go-round, con- 
tinues to move forward and is in for a dynamic 
surprise if he is not prepared to run forward 
as fast as the vehicle is moving. A bowling 
ball thrown down an alley, a curling stone 
gliding along the ice, a bullet speeding through 
the air are further examples of objects that be- 
cause of their inertia tend to maintain uniform 
motion. It is difficult to push a car from a 
position of rest because of its large inertia or 
mass. Once the car is moving its inertia again 
makes it difficult to stop. A hammer or pile- 
driver tends to keep moving momentarily even 
against the considerable opposition offered by 
a large nail or steel pile. 

Newton's first law of motion states, in effect, 
that if the motion of an object is uniform then 
there is no unbalanced force acting on the 
object. Imagine a horse pulling a large crate 
at uniform velocity along a level platform. The 
unbalanced force acting on the crate must be 
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zero since the motion is uniform. However, 
(neglecting air resistance) there are four forces 
acting on the crate: the reaction of the platform 
upwards, the gravitational pull of the earth 
downwards, the pull of the horse forwards, and 
the frictional resistance of the platform back- 
wards; these are illustrated in Fig. 5-7. The 
first pair of forces are equal in magnitude but 
opposite in direction and hence balance each 
other. Similarly the remaining pair of forces 
balance each other, leaving no unbalanced 
force acting on the moving crate. If the horse 
suddenly becomes energetic and pulls forward 
with a force greater than that of friction the 
crate will gain speed because of the resulting, 
unbalanced, forward force. If the horse re- 
laxes so that his pull is less than the retarding 
force of friction the crate will lose speed and 
come to a standstill. 

Newton's first law of motion holds even when 
an object has curvilinear, or curved-line, mo- 
tion. For instance, a stone which is being 
whirled round in circles on the end of a string, 
while following a curved path, is constantly 
trying to fly off in a straight line tangent to the 
circle. This becomes apparent if the string 
breaks. This constant tendency to maintain 
uniform motion becomes more than apparent 
when the driver of a car attempts to make a 
sharp turn at 75 m.p.h. round a curve in the 
road for which the maximum safe speed is 
25 m.p.h. While the driver is disobedient to 
the traffic law the car remains obedient to 
Newton’s law. 

Newton’s first law of motion tells us the fol- 
lowing: 

(a) Inertia is a property of all matter. 

(b) Stationary objects normally tend to re- 
main stationary. 

(c) Moving objects normally tend to maintain 
their velocity. 

(d) If the motion of an object is uniform, no 
unbalanced force acts on it. 

(e) If the motion of an object changes, the 
change is caused by an unbalanced force 
exerted on the object. 
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In his description of motion, Newton went on 
to state the way in which changes in motion 
depend on the unbalanced forces that produce 
them. It is an experimental fact that a greater 
force is required to accelerate a bowling ball, 
than to accelerate a baseball. We have de- 
scribed the resistance to changes of motion as 
inertia, and so we can say that the bowling 
ball has more of it than the baseball. The 
measure of inertia is called mass. Thus, the 
mass of a bowling ball is greater than the mass 
of a baseball. Any object with the same inertia 
as the standard kilogram has a mass of one 
kilogram. 

By a thought experiment we can investigate 
the relation between force, acceleration. and 
mass. Muscular twin young men, 17 years 
old, are working in a mine during the summer, 
pushing ore cars along a horizontal track. 
Starting from rest, the young men push loaded 
cars with considerable effort until they reach 
a normal walking speed, about 4 ft/sec. Then 
only enough effort to balance friction is re- 
quired to keep the cars moving at constant 
speed along the track. We shall now consider 
the force exerted by the men under various 
conditions and the corresponding accelerations 
of the cars while their speed is increasing. 

It takes 5 seconds for one man to accelerate 
one loaded car from rest to 2 ft/sec, and 10 
seconds to reach a speed of 4 ft/sec. Thus a 
steady force produces a uniform acceleration 
and one man gives one car an acceleration of 
0.4 ft/sec?, When the two men push together 
on one car they can increase its speed from 
zero to 4 ft/sec in 5 seconds—an acceleration 
of 0.8 ft/sec”. Doubling the force causes the 
acceleration to be doubled. When two cars 
are coupled together, it takes one man 20 sec- 
onds to reach 4 ft/sec—an acceleration of 
0.2 ft/sec’. Doubling the mass causes the 
acceleration to be halved. When two men 
push the pair of coupled cars it takes only 10 
seconds to reach 4 ft/sec—an acceleration of 
0.4 ft/sec?, the same as that produced by one 


man on one car. These results are summarized 


here in Table 5-1. 


Table 5-1 


SUMMARY OF RESULTS OF 
THOUGHT EXPERIMENT 


MASS 
in units of 
the mass of 
one loaded car. 


FORCE ACCELERATION 


in units of 
0.4 ft/sec?. 


in units of the 
effort of one man, 


NEWTON'S SECOND LAW OF MOTION 

An examination of the above table leads to the 
conclusion that the relation between force (F), 
mass (m), and acceleration (a) is 


force — mass x acceleration, 
or F = ma. 


That is, the quantity in the first column equals 
the quantity in the second times the quantity 
in the third. Measurements of these quantities 
in a variety of situations have confirmed this 
relation within the limits of experimental accu- 
racy. Since force and acceleration are both 
vector quantities, the equation can be true only 
if force and acceleration have the same direc- 
tion. Then in the symbols we are using for 
vectors F = mia? The equation is an algebraic 
statement of Newton’s second law. In words, 
it may be stated as follows: 
An object that is acted on by an unbalanced 
force experiences an acceleration in the direc- 
tion of the force. The acceleration varies 
directly as the force and inversely as the mass 
of the object. 

The unit of force is that of mass times accel- 
eration. In the MKS system of units, then, 
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force has the unit of (kilogram) (metre/sec?). 
To avoid continual repetition of this mouthful, 
the unit is given a special name. In honour of 
Sir Isaac Newton, the MKS force unit is called 
the newton (abbreviated, N). Then 


1 newton — 1 kilogram x 1 metre/second? 
or 1N=1 kg.m/sec?. 


One newton is approximately the force needed 
to support two golf balls against the force of 
gravity, and the force needed to support one 
pound of butter is approximately 4.5 newtons 
(4.5N). 

Newton’s first law is a special case of the 
more general second law. If no external un- 
balanced force acts on an object, F = 0, hence 
by the second law @ = 0, and this means that 
the object maintains its velocity unchanged. 
Mathematically, then, the first law may be 
stated: T= 0 when F= 0. 

Any accelerating object must have an unbal- 
anced force acting on it causing its acceleration. 
It must also have a velocity. The force and 
the acceleration must have the same direction 
but these may or may not be in the same 
direction as the velocity. If a curling stone 
is hurled along an ice surface it starts from 
rest rapidly gaining speed until it leaves the 
curler’s hand and then slides forward gradu- 
ally losing speed until it comes to rest. During 
the increase in speed the forward force exerted 
by the hand causes a forward acceleration and 
the increasing velocity is always forward. 
Once the stone is released from the hand, fric- 
tional forces act on the stone in a backward 
direction, the stone accelerates backwards, but 
its velocity, although decreasing, is still for- 
ward. In rectilinear motion a forward force 
causes positive acceleration, a backward force 
causes negative acceleration. In curvilinear 
motion, the unbalanced force may act sideways 
on an object, causing it to accelerate sideways; 
that is, its velocity may change direction to 
one side or the other and the object may swerve 
from a straight line to a curved path. 
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The newton is an absolute unit, as it depends 
only on the definitions of the standard kilo- 
gram, metre and second. Sometimes gravita- 
tional units of force, such as the force of one 
kilogram or of one pound, are used, particu- 
larly in engineering or in housekeeping. Thus, 
a kilogram force is the gravitational force of 
attraction that the earth exerts on a kilogram 
mass. As we shall see in the next chapter, this 
equals mg, where m is the mass (of one kilo- 
gram) and g is the acceleration of a falling 
body due to gravity (about 9.8 m/sec?). But 
the value of g is not a constant over the sur- 
face of the earth, and therefore the gravitational 
attraction varies from place to place, and with 
it the unit of force of one kilogram or one 
pound, or whatever gravitational unit is being 
used. Therefore in this book we shall keep 
to absolute units in general problems, particu- 
larly those involving accelerations. In static 
problems, in which all relevant objects are close 
to each other (so that g is effectively a con- 
stant), gravitational units may be used, and 
for practice they will be used in Chapter 7. At 
all other places in this text, however, absolute 
units will be used. 


SAMPLE PROBLEMS 


m Example 5-1: A brick, having a mass of 1.5 
kilograms, falls from a building with an acceler- 
ation of 9.8 m/sec?. Calculate the unbalanced 
force exerted on the brick. 


Solution: Consider down as positive, 
Mass, m = 1.5 kg 


z -> 
Acceleration, a = 9.8 m/sec? 
Force = mass x acceleration 


> => 

fee Saar! 
= (1.5 kg) (9.8 m/sec?) 
= 144 N. 


«`. the force (the gravitational pull of the earth) 
exerted on the brick is 15 newtons [down- 
wards]. 
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m Example 5-2: A curling stone of mass 10.2 
kilograms slows down from a forward velocity 
of 14 metres per second to a state of rest in 12 
seconds. Determine the average frictional 
force exerted on the stone. 


Solution: Consider forward as positive. 
Mass, m = 10.2 kg 


n . L^ 
Initial velocity, u = 14 m/sec 


Final velocity, v — 0 

Time elapsed, t = 12 sec 

change in velocity 
time elapsed 


> > 
T v—u 
a= 


t 
(0 — 14) m/sec 


Acceleration = 


12 sec 
= —% m/sec? 
Force = mass x acceleration 
> > 
F=ma 


= 10.2 kg x (—%) m/sec? 
= —]12 kg.m/sec? 
= —12N. 


`, the frictional force is 12 newtons [back- 
wards]. 


Note: In solving problems involving more than 
one force it is advisable to observe carefully 
the following points: 


When using the formula ne ma, F repre- 
sents the unbalanced force acting on the 
object in question. 

To determine the required force in any 
problem, a vector diagram should be drawn 
to indicate all the forces exerted on the sub- 


ject. The unbalanced force is their result- 
ant. 


Since it should now be clear that displace- 
ment, velocity, acceleration and force are vec- 
tor quantities and that mass and time are 
scalar quantities, there is no further need to 
emphasize this difference by using arrows over 


the symbols in formulas such as d = vt, 
y=u+at, F = ma. The direction of a vec- 
tor quantity may be self-evident and need not 
be stated unless the omission may lead to any 
doubt. If several directions are involved in a 
problem it is important to state the direction 
of each vector quantity. 


m Example 5-3: A sailboat is driven east by 

a wind which exerts a force of 9.0 x 10? new- 

tons on the boat. The frictional resistance 

against the boat is 4.0 x 10? newtons [west]. 

(i) What is the acceleration of the boat if its 
mass is 2.5 x 105 kg? 

(ii) What will its velocity be 0.75 minutes 
after it starts from rest? 


E. 


S 
400 N 


Velocity 


900 N 


=> 


Friction Wind force 


Solution: Consider east as positive. 


(i) The unbalanced force, 
F = 900 N + (—400) N 


= 500 N 
Mass, m = 2.5 x 10? kg 
Acceleration, a — Hh 
m 
|... 500N 
i245 OE 
= 0.20 m/sec?. 


*. the acceleration is 0.20 m/sec? [east]. 


(ii) Initial velocity, u = 0 
Time elapsed, t = 0.75 min = 45 sec 
Acceleration, a = 0.20 m/sec? 
Final velocity, v = u + at 
= 0 + 0.20 m/sec? x 45 sec 
= 9.0 m/sec. 
.'. the final velocity after 0.75 minutes is 
9.0 m/sec [east]. 
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m Example 5-4: An object is suspended from 
a light cord which passes over a pulley. The 
mass of the object is 5.0 kg. While moving 
downwards the object experiences an upward 
acceleration of 2.0 m/sec?. The forces acting 
on the object are the gravitational pull of 49 N 
down and an upward pull by the cord which is 
called the tension, T. Calculate the value of 
the force T. 


+ | | 
rsen 


49 newtons 
by the earth 
(gravity) 


NS 


Solution: Consider down as positive. (This will 
mean that an upward force should appear 
negative.) 

Mass, m — 5.0 kg 


= 
Acceleration, a = —2.0 m/sec? (as the accel- 
eration is in the upward, negative direction) 


Force, F = 49N Er 
(The unbalanced force, F, is the resultant (or 
sum) of the gravitational force exerted by the 
earth and the tension, T, exerted by the cord. 
We would intuitively expect T' to be a negative 
quantity, since presumably the tension acts up- 
wards on.the object.) 
Force — mass x acceleration 

— > 
F = ma 
5. 49N + T = 5.0 kg x (—2.0 m/sec?) 


T CEON ON 
= —59N. 
.'. the tension acting on the object is 59 new- 
tons [upwards]. 
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Note: The 1 net retarding force, 
F=49N + (—59N) 
= -+10N 
= 10 newtons [upwards]. 


NEWTON’S THIRD LAW OF MOTION 


After further investigation of his second law, 
and having made studies of the interaction of 
objects when they collide, Newton discovered 
a relation which may be stated as follows: 
Whenever object A exerts a force on object B, 
object B exerts on object A a force equal in 
magnitude but opposite in direction. 

This is Newton’s third law of motion. Fre- 
quently one force is called the action and the 
other, the reaction. The law can then be 
condensed: 

For every action there is an equal and opposite 
reaction. 


It is purely arbitrary as to which force is called 
by which name. Mathematically the third law 
is written 

Foy A ong = pellis Eora 

If a person holds a brick in his hand there is 
an upward force (the action) exerted by the 
hand on the brick. There is also a downward 
force (the reaction) exerted by the brick on 
the hand. Newton’s third law states that these 
two forces are equal but act in opposite direc- 
tions. This is true whether the brick is sta- 
tionary, moving uniformly or accelerating; as 
long as the hand exerts a force on the brick, 
the brick exerts an equal and opposite force on 
the hand. 

The action and reaction forces never act 
on the same object; they act on two different 
objects. For this reason the forces do not 
balance each other. When we consider bal- 
anced forces or an unbalanced force we are 


EXAMPLE 


A stone lies on the ground. 


A stone lies on the ground. 


A boy pushes towards the 
east against a wall. 


A bat strikes a ball due 
north. 


A rocket is jet-propelled 
through space by the expul- 
sion of gases. 


A. boy dives off the stern of 
à boat towards the south. 


A stone is whirled round in 
a circular path on the end of 
a string. 


ACTION 


The upward force exerted 
by the ground on the stone. 


The downward pull exerted 
by the earth on the stone 
(gravity). 


The easterly force exerted 
by the boy on the wall. 


onl ee Usi ^ SES tee | 
The northerly force exerted 


by the bat on the ball. 


$e 


The forward force exerted 
by the gases on the rocket. 


The northerly force exerted 
by the boy on the boat. 
Eu e eel 
The inward force (toward 
the centre of the circle) ex- 
erted by the string on the 
stone. 


REACTION 


The downward force exerted 
by the stone on the ground. 


The upward pull exerted by 
the stone on the earth (gravi- 
ty). 


The westerly force exerted 
by the wall on the boy. 


The southerly force exerted 
by the ball on the bat. 


The backward force exerted 
by the rocket on the gases. 


The southerly force exerted 
by the boat on the boy. 


The outward force exerted 
by the stone on the string. 


referring to forces or the resultant of forces 
acting on one object only. A brick held in the 
hand experiences two forces: 
(i) the upward force exerted by the hand on 
the brick, 
(ii) the downward force (gravity) exerted by 
the earth on the brick. 

If these forces are equal in magnitude the brick 
is stationary or moving at constant velocity 
according to Newton’s first law. If the forces 
are unequal the brick is accelerating in the 
direction of the unbalanced force according to 
Newton's second law. The third law tells us 
that each of these forces acting on the brick 
has a reaction force associated with it, exerted 
by the brick on something else. The reaction 
to force (i) is the downward force exerted by 
the brick on the hand, and the reaction to force 
(ii) is the upward force by the brick on the 
earth. This last force is a gravitational pull. 
The brick pulls upwards on the earth with 
exactly the same force with which the earth 
pulls downwards on the brick. The earth pulls 
the moon and the moon pulls the earth. The 
earth pulls you (particularly noticeable when 
you step off a cliff) and you pull the earth. If 
you fall, your acceleration towards the earth is 
considerable, but the acceleration of the earth 
towards you is negligible since acceleration 
varies inversely as the mass. 

If an action force is known the reaction force 
is readily determined. For example: 
action, the force exerted by A on B ina certain 

direction; 
reaction, the force exerted by B on A in the 
opposite direction. 

The names of the objects are interchanged 
and the directions of the forces are opposite. 
This should be noted in the examples opposite. 


m Example 5-5: A 12-kilogram block and a 
9-kilogram block are pushed forward by a 14- 
newton force as shown in the diagram. What 
force is exerted by A on B? What is its re- 
action? 


FORCE AND MOTION 


Forward 


INN 


Frictionless surface 


Solution: Consider to the right as forward. 
For the entire system: 
Mass, m = (12 + 9) kg 
= 21 kg 
Force, F = 14 N 
Acceleration, a = F 
14N 


21 kg 
= %4 m/sec?. 


Il 


For Block B alone: 
Mass, m = 9 kg 
Acceleration, a = ?4 m/sec? 
Force, F = ma 
=9 kg x 7$ m/sec? 
=6N. 
This is the unbalanced force acting on B, and 
it is exerted by A in a forward direction. 
Thus, the force exerted by A on B = 6 N [for- 
wards], and its reaction (which is the force 
exerted by B on A) = 6 N [backwards]. 


Note: The unbalanced force acting on A 
= 14 N [forwards] + 6 N [backwards] 
8 N [forwards]. 


This is verified by a calculation for Block A 
alone: 
Mass, m = 12 kg 
Acceleration, a = ?4 m/sec? 
Force, F = ma 
12 kg x % m/sec? 
= 8 N [forwards]. 
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EXERCISES and PROBLEMS 


A 
1. Name four vector quantities studied in this 
course. Describe briefly how all of them may be 
involved in an example of a falling brick. 


2. State the magnitude and direction of the un- 
balanced force acting on the object in heavy type 
in each of the following. 
(a) The tension in the cable lifting an elevator 
is 1.5 tons; the elevator weighs 2700 pounds; 
frictional forces opposing the upward motion 
amount to 300 pounds. 
(b) An acrobat, weighing 180 pounds, falls into 
a net which exerts an upward force of 300 
pounds on the man. 
(c) A mover pushes a large box with a hori- 
zontal force of 35 pounds while the floor offers 
a frictional resistance of 30 pounds. 


3. Explain each of the following in reference to 
Newton's first law. 
(a) It is dangerous to jump from a moving 
train onto the ground. (In which direction 
would a person who did so tend to fall?) 
(b) It is unwise to drive rapidly when ap- 
proaching a curve in an icy highway. 
(c) A boy pulls a loaded toboggan with a for- 
ward pull of 10 pounds while there is a fric- 
tional resistance of 10 pounds backwards, yet 
the toboggan moves. 
(d) A bulldozer pushes with a great force 
against a large tree but the tree does not move. 


4. State whether the following statements are true 
or false, giving a reason for your answer. 
(a) If an object is moving there must be an 
unbalanced force acting on it. 
(b) An object is moving due west. Its speed 
is changing. The unbalanced force acting on 
the object must be due west also. 
(c) An object which has no unbalanced force 
acting on it does not accelerate and is therefore 
at rest. 


5. A ball, having a mass of 0.40 kg, rolls down 
a smooth incline with an acceleration of 3.5 
m/sec”. Calculate the unbalanced force acting 
on the ball. 


6. Determine the unknown quantity in each of 
the following for each mass m, which moves with 
acceleration a when under the influence of an 
unbalanced force F. 
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(a) m = 1500 g, a= 44.0 cm/sec?, F—? 

(b) m = 25 kg, F = 4.00 N,a=? 

(e) F —2:0 N, a:—-17 cm/sec? m = ? 
7. Calculate the acceleration which an unbalanced 
force of 0.25 N will give to a mass of 320 grams. 
8. What mass will be given an acceleration of 
12.5 m/sec? by an unbalanced force of 300 N? 
9. Calculate the unbalanced force which will 
accelerate a 900-kg car from rest to 22 m/sec 
[east] in 9.9 seconds. 
10. Derive a formula for the unbalanced force F 
acting on a mass m causing it to accelerate from 
an initial velocity u to a final velocity v in time t; 
that is, express F in terms of m, u, v and t. 


11. What unbalanced force will accelerate a 750-g 
mass from 20 cm/sec [west] to 150 cm/sec [west] 
in 6.5 seconds? 

12. What unbalanced force will change the ve- 
locity of a 15-kg bicycle from 12.4 m/sec [south] 
to 4.9 m/sec [south] in 2.5 sec? 


13. A 12-kg block is pushed along the floor by a 
force of 35 N. It is opposed by a frictional force 
of 14 N. 
(a) What is its acceleration? 
(b) What will its velocity be 8.0 sec after it 
starts from rest? 
14. Two boys pull a 50-kg picnic table in opposite 
directions, one with a force of 250 N [west] and 
the other with a force of 234 N [east] for 2.5 sec- 
onds. (The table is just off the ground so that 
friction may be neglected.) 
(a) What is the acceleration of the table? 
(b) How fast is it moving at the end of the 
two and a half seconds? 
15. State the reaction force for each of the fol- 
lowing forces, indicating its direction, what it is 
exerted on and what it is exerted by. 
(a) The downward gravitational pull of the 
earth on a parachutist as he falls. 
(b) The upward push of a weight-lifter on a 
90-kg bar-bell. 
(c) The westward pull of several men on a rope 
in a tug-of-war. 
(d) The counterclockwise push of water on a 
spinning lawn sprinkler. 
(e) The gravitational pull of the earth on a 
satellite in orbit. 
(f) The force of a boot against a football which 
is kicked southwards. 


B 


16. An 8.0-kg metal ball is given an initial velocity 
of 10 m/sec along a concrete platform. An un- 
balanced force of 2.0 N opposes its motion. For 
what length of time will it roll before coming to 
rest? 


17. An elevator accelerates upwards at 0.25 
m/sec?. The mass of the elevator is 800 kg. The 
forces acting on the elevator are the upward ten- 
sile force, T, exerted by the hoisting cable, and 
the gravitational force, of 7840 N [downwards], 
exerted by the earth. 

(a) What is the unbalanced force acting on 

the elevator? 

(b) Calculate the value of the force T. 


18. If, according to Newton's third law, forces 
always occur in pairs which are equal in magni- 
tude but opposite in direction, how can there exist 
an unbalanced force? 


19. A 36.0-newton force pushes block P, of mass 
4.0 kg, which in turn pushes block Q, of mass 
5.0 kg, along a frictionless surface. 
(a) What is the acceleration of the two blocks? 
(b) What is the horizontal force exerted on Q 
and what exerts this force? 
(c) What is the reaction to the force mentioned 
in part (b)? 
(d) What is the unbalanced force acting on P? 
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20. A 500-kg elevator moving upwards at 1.2 
m/sec is brought to rest by an unbalanced force 
of 400 N [downwards]. How long does it take 
to stop? 


Cc 

21, Repeat Question 19 assuming that a frictional 
force of 6.0 N opposes the motion of block P 
and one of 7.5 N opposes block Q. 
22. A force of 8.00 N gives a mass m, an acceler- 
ation of 15.0 m/sec?, and a mass m, an accelera- 
tion of 40.0 m/sec?. What acceleration would it 
give the two masses when they are fastened to- 
gether? 
23. Two blocks, A and B, at rest on a frictionless 
surface, have masses of 3.00 kg and 10.0 kg, re- 
spectively. A is accelerated by a force of 1.20 N 
[east] and B is accelerated by a force of 2.40 N 
[east]. Both A and B start at the same instant 
from the same starting line. 

(a) How long does it take before one of them 

is travelling 2.00 m/sec faster than the other? 

(b) What is the velocity of each at this time? 
24. An applied horizontal force of 40.0 N acts 
on a 5.0 kg steel block initially at rest on a tiled 
floor. The floor offers a frictional resistance of 
8.0 N to the block. After 2.0 sec of motion the 
applied force is removed. How long does the 
block remain in motion along the floor? 
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CHAPTER 


THE FORCE OF GRAVITY 


Gravity is the word that has been used for 
centuries to identify the force by which objects 
are kept at the surface of the earth. Neither 
Galileo nor Newton thought it worthwhile to 
speculate about the cause of gravity. For them 
it was much more significant to describe the 
effect which gravity had on the motion of ob- 
jects. Their attitude was in distinct contrast 
to that of Aristotle, whose description of the 
universe depended on the "nature" of heavy 
(or "earthy") objects to seek the earth, while 
it was the "nature" of light objects (air and 
fire) to move in the opposite direction. 


ACCELERATION DUE TO GRAVITY 

Galileo objected particularly to Aristotle's idea 
that the acceleration of objects toward the earth 
depended on their weight. It was a natural 
thing for Aristotle to say, based on the normal 
Observation that a stone falls faster than a 
feather. But Galileo argued that this fact was 
the result of the greater resistance of the air 
to a feather, and that in the absence of air a 
feather would fall at the same rate as a stone. 
After the invention of the air pump at the 
middle of the seventeenth century feathers 
were, in fact, observed to fall like stones in an 
evacuated chamber. 

Experiments performed during the seven- 
teenth century demonstrated that, when the 
effects of air resistance are small enough to 
be neglected, all objects fall with exactly the 
same acceleration. Careful measurements 


(Fig. 6-1) have produced the result that the 
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Fig. 6-1. In this illustration 
a falling ball is repre- 
sented at intervals of 
1/20 sec. The vertical 
scale is in centimetres, 
From measurements of the 
distances between succes- 
sive positions of the ball, 
it can be calculated that 
in each interval the speed 
of the ball increases by 
about 49 cm/sec. There- 
fore in one second the 
speed of the ball will 
increase by 20 X 49 cm/- 
sec. Thus these measure- 
ments give a value for g, 
the acceleration due to 
gravity, of approximately 
9.8 m/sec?. 
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acceleration due to gravity equals 9.8 metres/ 
second?. In the FPS system of units this value 
is 32 ft/sec?. (More accurate results show a 
small variation from point to point on the 
surface of the earth. This will be discussed 
shortly.) 

With the acceleration due to gravity known, 
(symbol, g), the force of gravity on an object 
at the earth's surface may be calculated by 
using Newton's second law. 


m Example 6-1: Calculate the force of gravity 
on a man having a mass of 75 kg (about 165 
Ib). 


Solution: 
Force = mass x acceleration 
Mass, m = 75 kg 
Acceleration, a = g = 9.8 m/sec? 
F = ma 


^ FI -mg 


= 75 kg x 9.8 m/sec? 
= 7.4 x 10? newtons. 


From the experimental fact that at any one 
place the acceleration due to gravity of all ob- 
jects is the same, it follows from Newton’s 
second law that the force of gravity on an 
object varies directly as its mass. The weight 
of an object is defined as the force of gravity 
on it. So the weight of the man in the example 
is 7.4 x 102 newtons. In everyday use, we 
would say that the man’s weight is 75 kg. 
However, confusion can result from using the 
kilogram (or pound) as the unit for both mass 
and weight. To avoid the complication of two 
meanings for one unit, kilogram in this text 
is always used as a unit of mass, and forces are 
always expressed in newtons (except, as we 
have said before, in Chapter 7). 

Since the weight of an object is the force of 
the earth’s gravity on it, the weight is the same 
in all places where the force of gravity is the 
same. At places where the force of gravity is 
diminished, then an object’s weight at that 
place will also diminish; where the force of 
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gravity is increased, the weight of the object 
is also increased. 


UNIVERSAL GRAVITATION 


Although he was unable to explain the cause 
of gravity, Sir Isaac Newton wondered if facts 
about gravitational attraction on the earth could 
be fitted into a more complete description of 
the behaviour of objects. Newton’s study of 
these relations culminated in his expression of 
the principle of universal gravitation. 

Newton completed his studies for the B.A. 
degree at Cambridge in 1665 at the age of 
twenty-three. At that time an outbreak of the 
plague caused the university to be closed and 
Newton returned to his home for almost two 
years. It was during this period, as he wrote 
later, that he “began to think of gravity extend- 
ing to the moon.” Although Newton did not 
publish his laws of motion until 1687, he must 
have had them in mind during this time. From 
Newton’s first law it is apparent that a force 
must be acting on the moon to keep it in its 
orbit about the earth, for otherwise it would 
travel through space in a straight line. So 
Newton undertook to calculate the force that 
the earth would have to exert to keep the moon 
in its orbit (Fig. 6-2). 

Newton calculated the acceleration of the 
moon towards the earth, using astronomical 
measurements of the distance from the earth 
to the moon, and the time required for the 


moon to complete one revolution in its orbit. — 


He found the acceleration of the moon towards 
the earth to be about 1/3600 of the accelera- 
tion due to gravity near the surface of the 
earth. Since the distance from the earth to 
the moon is about 60 times the radius of the 
earth Newton concluded that the gravitational 
force of the earth might vary inversely as-thé 
square of the distance from the centre of the 
earth. At a distance of x earth-radii from the 
centre of the earth, the force of the earth's 
gravity is 1/x? of its value at the surface of the 

earth (x> 1). 
According to Newton's second law, the force 
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Moon B 


Fig. 6-2. In this diagram of the moon in orbit about the 
earth, the moon travels from A to C in time 7. But for 
the force of gravity, it would travel from A to B. BC is 
fhe distance that the moon "falls" towards the earth in 
time 7, a measure of its acceleration. 


required to produce a given acceleration in an 
object depends on the mass of the object. Then 
the force of gravity of the earth on a ball falling 
near its surface varies directly as the mass of 
the ball By Newton's third law, the ball 
exerts a force on the earth that is equal and 
opposite to the force of the earth on the ball. 
Then the force of gravity must vary directly 
as the mass of the earth. Using arguments 


such as these, Newton established the generali- 
zation called the principle of universal gravi- 
tation. 

Every particle in the universe exerts a force of 
gravitational attraction on every other particle. 
The gravitational attraction between two par- 
ticles varies directly as the product of the 
masses of the particles and inversely as the 
square of the distance between them. 

Any object can be considered to be a col- 
lection of particles. Then the attractions be- 
tween every pair of particles in the two objects 
would have to be added together to find the 
gravitational force between the two objects. 
A mathematical development on this basis 
shows that the gravitational attraction between 
two spheres varies directly as the product of 
their masses and inversely as the square of the 
distance between their centres. 

The consequences of the principle of gravi- 
tation are illustrated for several simple situ- 
ations in Fig. 6-3. The complete relation can 
be expressed conveniently in a formula: The 
gravitational force, F, between particles of 
masses m, and m,, separated by a distance d, is 


where G, the gravitational constant, has a spe- 
cific value depending on the units of the other 
quantities. It will be discussed later (p. 84). 


Fig. 6-3. The gravita- 
tional force between 
two objects depends 
on their masses and 
on their distance apart. 
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Fig. 6-4. The force of gravity between the earth and an 
object of mass one kilogram depends on the distance of the 
object from the centre of the earth. 


CONSEQUENCES OF GRAVITATION 


1. THE GRAVITATIONAL FIELD OF THE EARTH 
According to the principle of universal gravi- 
tation the earth exerts a force of attraction 
upon every other object in the universe. How- 
ever, the force becomes very small for objects 
at any considerable distance away. The change 
in the force of the earth’s gravity on a 1-kg 
mass is illustrated in the graph of Fig. 6-4. At 
the surface of the earth the force is almost 10 
newtons. At a distance from the earth’s centre 
five times as great, the force is just Jos of its 
value at the surface because the force varies 
inversely as the square of the distance. 


m Example 6-2: The force of gravity on an 
object at the earth's surface is 10 newtons. 
Calculate the force of gravity on the same 
object in an earth satellite when it is 13 earth- 
radii from the surface of the earth (about 
50 000 miles). 


Solution: Let the radius of the earth be R. 
The distance from the earth’s centre to an ob- 
ject at its surface is R. 
The distance to the object in the satellite is 

R + 13R = 14R. 
Since the object is 14 times farther away, the 
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force on it is (144)? that of the force on the 
object if it were on the surface of the earth. 
That is, the force on the object in the earth 
satellite will be 

F = 10 newtons x (144)? 
1% 96 newtons 


= 0.05 newtons. 


The reduction in gravitational force with in- 
creasing distance may also be illustrated pic- 
torially. The lengths of the arrows (vectors ) 
in Fig. 6-5 are proportional to the magnitudes 
of the force of gravity at the indicated distances 
from the earth. This diagram resembles the 
iron-filing picture that can be obtained for the 
magnetic field perpendicular to the end of a 
bar magnet. The lines drawn here are not 
continuous, so that the magnitudes of the forces 
may be indicated more clearly. However, it 
is usual to call any such representation a field 
diagram. A force field is a way of represent- 
ing the magnitude and direction of the force 
that an object would experience at any point in 
the region surrounding an object that exerts 


4 


4 » 


Fig. 6-5. In this diagram of the earth’s gravitational 
field, the lengths of the vectors are a measure of the 
force of gravity on one kilogram at the earth's surface and 
at distances of 2, 4 and 6 million metres from the surface. 
The forces are 9.8, 5.5, 3.5 and 2.5 N respectively. 

83 


MATTER IN MOTION 
9.84 


Sea level at poles 


Sea level at latitude 45* 


Sea level at equator 


Top of Mt. Everest 
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Fig. 6-6. This section of the graph of Fig. 6-4 has an 
expanded horizontal scale and a reduced vertical scale. 
It shows the variation of the acceleration due to gravity, 
&, near the earth's surface. 


the force. The field should be thought of as 
à property of the object that exerts the force. 


2. THE ACCELERATION DUE TO GRAVITY 
The study of the motion of freely falling objects 
was an important part of the development of 
mechanics in the seventeenth century. As we 
have seen, it contributed to Newton's develop- 
ment of the principle of gravitation. Having 
arrived at the idea of gravitation as a funda- 
mental property of matter, we should investi- 
Bate its relation to the acceleration due to 
gravity. In particular, why should the value 
of 2 be so nearly constant over the earth's sur- 
face? | 

In the relation, F — Gm,m,/d?, if m, and m, 
are the masses of the earth and an object at 
its surface, then all factors on the right hand 
side of the equation are constant except d. If 
an object is dropped from the top of a high 
tower, the value of d decreases as the object 
falls. But, since the radius of the earth is 
almost 4000 miles, a fall of 4 miles would 
represent a change in d of only 0.1%. Except 
for very accurate work, that is a negligibly small 
change. However, since the earth is some- 
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what flattened at its poles, the radius of the 
earth to a pole (6357 km) is somewhat less 
than to the equator (6378 km). For that 
reason, very accurate determinations of the 
acceleration due to gravity show a difference 
of about 0.05 m/sec? between the equator and 
the poles. The variation in g near the earth's 
surface due to changes in altitude is illustrated 
in Fig. 6-6. In this small range the graph is 
a straight line because it represents only a very 
small portion of the graph of Fig. 6-4. 
Accurate values of the acceleration due to 
gravity have found a practical application in 
geology. The value of g at any particular loca- 
tion is affected by the density of the materials 
in the earth's crust at that point. Where the 
density is greater than average the value of g 
will be slightly higher. With an instrument 
called a gravimeter a number of determinations 
of g can be made in a region. When these 
values are plotted on a map and "contour" 
lines are drawn, a geologist is able to locate 
likely locations of ore deposits in the region. 


3. THE MASS OF THE EARTH 

Newton's principle of universal gravitation re- 
ceived no accurate experimental verification 
for more than a century. In the meantime, 
however, astronomical observations confirmed 
the mass-distance relations. That is, all accu- 
rate observations during the eighteenth century 
illustrated that the principle of the mutual 
attraction of the sun, planets, and moons 
according to Newton's formulation accounted 
in detail for their motions. Such observations 
also made it possible to draw conclusions about 
the relative masses of the sun and planets. But 
to know the actual value of any one of them 
required the knowledge of the value of G, the 
gravitational constant. 

In 1798 Henry Cavendish reported his de- 
termination of G using laboratory apparatus. 
The basic principle of the apparatus is shown 
in Fig. 6-7. Lead balls (m) two inches in 
diameter were suspended at the ends of a 
copper bar (a) about two yards long. The 
bar was suspended at its mid-point by a very 


fine copper wire (b) about one yard long. 
Two lead balls (M) about 12 inches in di- 
ameter were placed near the ends of the bar, 
one on either side. In that way the gravita- 
tional attraction of each large ball for the small 
one would produce a measurable twist in the 
Wire. 

Although the force F between the masses 
was extremely minute, Cavendish was able to 
make the measurements necessary to deduce 
the value of G. His result was within about 
1% of the currently accepted value which is 

G = 6.673 x 10-1! N.m?/kg?. 

This result provides the necessary final 
datum for calculating the mass of the earth. 
Let M be the mass of the earth, let R be the 
radius of the earth, and let m be the mass of 
an object at the surface of the earth, then the 
expression 


becomes 


= Rr 
But since the gravitational force of the earth 
on any object is the mass m of the object times 
g, its acceleration due to gravity, 


then F = mg 
‘ GMm 
LEE NE. 

Dividing both sides by m, 

GM 
i 
2 
and M = =o 


Using the data that g = 9.806 m/sec?, R = 
6.371 x 109? m, and the value of G quoted 
above, 
_ (9. 806 m/sec?) (6.371 x 109 m)? 
6.673 x 10- N.m?/kg? 
= 76a Oaks. 

This means the mass of the earth is almost 
6 x 10?! tons! 


4. THE DISCOVERY OF NEPTUNE 
The prediction of a new fact or relation has 


THE FORCE OF GRAVITY 


The basic principle of Cavendish's torsion balance 
for meosuring the gravitational constant, G, is to measure 
the small deflection caused by the attraction between the 
small masses, m, and the large masses, M, separated by 


Fig. 6-7. 


a distance, d. Cavendish had m — 0.8 kg, M = 167 kg 


and d — 0.2 m in his original experiment. 


always been considered the most striking con- 
firmation of a theory. Newton's theory met 
such a test successfully in the nineteenth cen- 
tury. Careful astronomical observation had 
led Sir William Herschel in 1781 to discover 
the planet Uranus,-the first addition to the 
family of planets since ancient times (moons 
of planets excepted). Uranus was observed 
rarely in the succeeding years, but the few 
data available indicated that it did not follow 
the orbit to be expected from calculations of 
the gravitational effects of the known members 
of the solar system. While some astronomers 
suspected the influence of an unknown planet, 


` there were others who began to doubt that the 


principle of gravitation applied with great accu- 
racy at that distance from the sun. By 1846 
two brilliant young mathematicians, Adams in 
England and Leverrier in France, had calcu- 
lated the properties that a planet more distant 
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Fi=mig 


F2 = mg 


Fig. 6-8. The simplest of equal-arm balances can be used 
to illustrate the equilibrium of forces on suspended objects. 
Thus a large stone can be balanced by several small metal 
weights. Although the balance does strictly speaking 
compare weights, the acceleration due to gravity is so 
nearly the same at each end of the beam, that in effect 
the balance compares masses. 


than Uranus would have to possess to produce 
the observed effects. Their calculations were 
sufficiently detailed to permit them to write to 
astronomers stating where a telescope should 
be pointed to see the planet. Some astrono- 
mers were doubtful of the prediction, but in 
September 1846 Galle of the Berlin Observa- 
tory followed Leverrier's directions to identify 
for the first time the new planet Neptune. This 
was a triumph of the first order for the accu- 
racy of Newton’s gravitational principle. Yet 
within a century, another minor astronomical 
deviation led Einstein to construct an entirely 
new theory of gravitation, designed to corre- 


spond to planetary motions with even greater 
accuracy. 


4 
5: BALANCES, WEIGHTS, AND MASSES 


In everyday language we say, "The grocer 
weighed 3 pounds of apples on the scales." 
In scientific usage the device on which such 
operations are performed is called a balance. 
In practice, measurements on a balance are 
performed by arranging that two forces balance 
each other (or produce equilibrium). Al- 
though a balance is a very common instrument 
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it is significant to enquire what one measures 
on a balance. 

To the simple balance in the illustration of 
Fig. 6-8 have been added a stone on the left and 
several metal cylinders on the right. The bal- 
ance will be in equilibrium if the force of 
gravity on the stone equals the force of gravity 
on the cylinders. Using the symbols in the 
figure, 

if F, = F, 
That is, if m,g = mg (equal weights) 
then m, = m, (equal masses), 
because at any one place g is constant. 
the balance measure weight or mass? 

Imagine the balance transported to a “space 
platform” 4000 miles above the earth’s sur- 
face, as in Fig. 6-9(a). If the equal gravita- 
tional forces on either side of the balance at 
the earth’s surface are represented by F, then 
previous work indicates that on the space plat- 
form the gravitational forces will both be 14F. 
The balance will still be in equilibrium, as 


YF = MF. 
That is, Das = Moy 
where g,, is the acceleration due to gravity at 
the space platform, which will be a quarter of 
that on the earth. Therefore, dividing both 
sides by g,» 


Does 


m, -m,. 

Then if one has a set of standard masses, the 
mass of any other object may be found by 
comparison using a balance. Strictly, a bal- 
ance compares weights, but as the acceleration 
due to gravity of all objects near each other is 
the same wherever they are, a normal balance 
also compares masses. 

For comparison purposes, Fig. 6-9(b) illus- 
trates the use of a spring balance. With a 
spring balance, equilibrium is obtained by the 
upward force of the spring on the object. There 
should be no doubt that a spring balance 
measures only weight. When the force of 
gravity is less (as on the space platform) the 
spring is less extended, and the reading is 
reduced. 

The distinction between mass and weight 


should be clear because weight is a force and 
mass is not. However, the issue has been 
clouded by many years of using “weight” in a 
sense where “mass” should be used. When you 
buy food “by the pound” you are not really 
concerned with how hard it will press down 
on the table, (weight), but with how much ma- 
terial you are getting (mass). In general the 
distinction can be kept clear by using kilogram 
as a mass unit, and expressing all weights in 
newtons. 


EXERCISES and PROBLEMS 


DATA: Acceleration due to gravity, g = 32 ft/ sec? 
= 9.8 m/sec? 
~~ 10 m/sec?. 


A 


1. A fifty-cent piece is dropped to the floor from 
a height of about six feet. From what height 
should a ten-cent piece be dropped at the same 
instant so that both coins hit the floor at the same 
time? Try it. 


2. A paper disc of slightly smaller diameter than 
a fifty-cent piece is dropped to the floor from the 
same height as the coin, at the same instant. 
Which will hit the floor first? Why? Devise a 
way to reduce the effect of forces other than 
gravity. 


3. Neglecting air resistance, what speed in FPS 
units would be acquired by an object falling freely 
from rest after 1, 2, 3, 4, 5, 10 sec? 


4. What change occurs in the velocity of a ball 
that is thrown vertically upward? What is its 
velocity at the instant that it is at its maximum 
height? 


5. A baseball is thrown vertically upward from 
the ground with an initial velocity of 100 ft/sec. 
What velocity will it have after 1, 2, 3, 4 sec? 


6. A ball is thrown vertically upward from the 
ground with an initial velocity of 96 ft/sec. 
Neglecting air resistance, calculate the time that 
will elapse before it strikes the ground. What 
will be its velocity at the instant before it hits the 
ground? 
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Fig. 6-9. An equal-arm balance effectively measures mass 
and a spring balance measures weight. In (a) we see that 
an equal-arm balance in equilibrium at the earth’s surface 
will still be in equilibrium in a space platform. In (b), on 
the other hand, we see that the reading of a spring 
balance in a space platform will be much less than it 
would be at the surface of the earth. Mass remains 
constant regardless of location or altitude; weight varies 
with altitude. 


7. Calculate the force of gravity on 
(a) a crow of mass 1.2 kg; 
(b) a horse of mass 450 kg; 
(c) a jockey of mass 50 kg; ý 
(d) a rocket of mass 1 x 10* kg. J 


8. At what location on earth would you expect 
the value of g to be (a) greatest, (b) least? 


9. It has been suggested that the variations of 
g over the surface of the earth should be taken 
into account for Olympic sports records. Since 
locations nearer the equator are farther from the 
centre of the earth, would it be easier to set a 
new high jump record in Tokyo (latitude 35° N) 
or Helsinki (latitude 60° N)? 
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10. A young turkey at the earth's surface (4000 
miles from the centre of the earth) has a weight 
of 36 newtons. Since weight varies inversely as 
the square of distance, what would be the weight 
of the turkey at distances of 4000 miles and 
8000 miles above the earth's surface? 


11. The gravitational constant G, the acceleration 
due to gravity at the earth’s surface g, and the 
radius of the earth r, are the data needed to calcu- 
late the mass of the earth in the expression m = 
gr/G. To what unit does this expression re- 
duce, given that the units of g are metre/second?; 
of r, metre; of G, metre?/kilogram.second?? 


12. Compare mass and weight in tabular form 
with answers to the following questions: 
(a) Is it a force? 
(b) Has it the same value at the surface of 
the moon as at the surface of the earth? 
(c) Does it depend only on the object being 
considered? 
(d) Does it depend on the distance from the 
centre of the earth? 


B 


13. When a parachutist is falling at 30 m/sec a 
coin falls from his pocket. Neglecting air resist- 
ance on the coin, what velocity will it have after 
8.0 sec? 


14. Rivets, used in steel construction, are heated 
on the ground and thrown up the building to the 
riveter. Thrown upward with a velocity of 15 
m/sec a rivet is caught when it has a downward 
velocity of 3 m/sec. Calculate the time that 
elapses between throwing and catching. 


15. (a) Calculate the unbalanced force needed 
for a dog of mass 4.0 kg to acquire a velocity 
of 5.0 m/sec in one-sixth of a second. 

(b) Calculate the force of gravity on the dog. 
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(c) What is the total force that the dog's leg 
muscles must exert as he jumps upward as 
described in Part (a)? 

(d) By what factor is the total force greater 
than the force of gravity? 


16. A rocket used for research in the upper at- 
mosphere has a mass of 1.0 x 10* kg. Its fuel 
supplv lasts for 60 sec during which time the 
rocket engine exerts a force of 3.5 x 10» N. Cal- 
culate 

(a) the force of gravity on the rocket, 

(b) the net force acting on the rocket, 

(c) the acceleration of the rocket, 

(d) the velocity acquired by the rocket by the 

time the fuel is gone. 

(e) the time for the rocket to reach maximum 

altitude. 


17. What factors might make the motion of the 
rocket in the previous question different from 
what our elementary calculations would predict? 


€ 


18. Compare the force of gravity at the surface 
of Mars with that at the surface of the earth. 
The radius of Mars is about 0.5 of the radius of 
the earth, and the mass of Mars is about 0.1 of 
the mass of the earth. 


19. Calculate the force between the spheres in the 
Cavendish experiment (Fig. 6-7). An approximate 
calculation is sufficient, using values, m = 1 kg, 
M = 10? kg, d = 10-1 m, G = 10-19 N.m?/kg?. 


20. Make an approximate calculation of the force 
between the earth and the sun: mass of earth — 
6.0 x 10? kg, mass of the sun = 2.0 x 103° kg, 
radius of earth's orbit = 1.5 x 1011 m. 


21. If two planets of different radii have the same 
density, which would exert the greater force of 
gravity on an astronaut at its surface? 


CHAPTER j 


THE BUOYANT FORCE 


OF FLUIDS 


A boy lifts a stone from the bottom of a lake; 
a meteorologist releases a helium-filled weather 
balloon; a steel-hulled ship slides into the water 
beside a shipyard. What happens to each of 
these objects depends on the buoyant force of 
the fluid that surrounds the object (Fig. 7-1). 
The boy finds that the stone is heavier when he 
lifts it into the air because the water exerted 
an upward buoyant force (greater than the 
buoyant force due to the air) that partly bal- 
anced the downward force of gravity on the 
stone. The balloon rises in the air because 
the buoyant force of the air in which it is 
immersed exceeds the force of gravity om it. 
The ship's hull floats in water because the 
water exerts a buoyant force that just balances 
the force of gravity on the ship. 


Fig. 7-1. When an object is surrounded, or partly sur- 
rounded, by a fluid (either a liquid or a gas) it receives 
an upward buoyant force, Fy from the fluid. This buoyant 


PRESSURE AND BUOYANCY IN FLUIDS 


Since the pressure of a fluid at any point is the 
force per unit area at that point, the pressure 
at any depth within the fluid depends on the 
weight of fluid above the point. Thus the 
pressure increases with depth. The buoyant 
force of a fluid can be shown to depend on this 
increase of pressure with depth. To begin 
with, it must be understood that at any point 
within the fluid the pressure is exerted equally 
in all directions. If in Fig. 7-2 the weight of 
liquid above each square centimetre at depth 
d, is 0.1 newtons, then the pressure at all 
points at that depth is p, = 0.1 newtons/cm?. 
The pressure down at the point A is 0.1 N/cm? 
and the pressure up at A is also 0.1 N/cm?. 
If the pressure in any direction at A were not 


F, is buoyant force 


F, is force of gravity 


(c) 


force may be less than the force of gravity, T as is the 
case with the stone, greater than it as is the case with the 
balloon, or equal to it as is the case with the floating ship. 
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we will use this chapter to gain experience in 
the use of gravitational units of force. This 
means that wherever we would normally write 
that the force of gravity on an object of mass 
5.0 kg (that is, its weight) is 49 newtons, we 
will in this chapter say that its weight is 5.0 
kilograms. Clearly the conversion factor be- 
tween newtons and kilograms weight is 9.8, 
the numerical value of g in the MKS system. 


APPLICATION OF ARCHIMEDES' PRINCIPLE 
As we have seen, the buoyant force of a fluid 
on an object depends on the weight of fluid 
displaced, and thus on the density of the fluid 
and the volume of the fluid displaced (since 
m= DV). In the case of a totally immersed 
object, the volume of fluid displaced is just 
equal to the volume of the object, and there- 
fore if the buoyant force is measured and the 
fluid density known, the volume of the object 
is readily calculated. From this and its mass, 
the density of the object may be found. It is 
not easy to measure directly the volume of 
irregularly shaped objects with great accuracy, 
but Archimedes' principle provides a way to 
find volume accurately, since only balance 
measurements are needed. 

If two substances have densities D, and D,, 
then the density of the second substance rela- 


EXPERIMENT l-4 


Determination of Specific Gravity 


1. Follow the procedure of Exp. I-3 to find 
the weight of a solid in air, in water, and 
in a second liquid. Methanol and methyl 
chloroform are conyenient liquids to use. 
The following steps assume the use of 
methanol. 


. Having measured the following: 
Weight of solid in Weight of solid in 
air air 


Weight of solid in 
water 


Weight of solid in 
methanol 


calculate the following: 
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tive to the first is D,/D,. Since 
* mass 
density — , 
volume 
we have 
m, 
and 
zm 
D = V, 


If one compares equal volumes of the two sub- 
stances so that 


V, = Wes 
then the relative density 

D, m; 

D, m. 


that is, the relative density will equal the ratio 
of their masses, or of their weights. The den- 
sity of a substance relative to that of water is 
called the specific gravity of the substance. The 
term specific gravity will be used here according 
to the following definitions: 


The specific gravity of a substance is equal to 
the density of the substance divided by the 
density of water; or 

The specific gravity of a substance is equal to 
the weight of a certain volume of the substance, 
divided by the weight of an equal volume of 
water. 


Buoyant force of the 
methanol on the 
solid 


Specific gravity of 
methanol 


Buoyant force of the 
water on the solid 


Specific gravity of 
solid 
. What is the relation between the volumes of 


the solid, the displaced water, and the dis- 
placed methanol? 


. At what step does the calculation depend 
on Archimedes' principle? 


Compare your results with the class aver- 
ages by calculating the percentage differ- 
ences between them. 


. To what extent would you expect the buoy- 
ant force of the air on the solid to influence 
your results? 


Fig. 7-5. When an object is 
immersed in a fluid, the 
upward buoyant force on 
it is equal to the weight 
of the object in air minus 
its weight in the fluid. 
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In accurate work it is necessary to specify the 
temperature at which the measurements are 
made. 

An example follows in which a balance is 
used to measure the specific gravity of a solid 
object. Archimedes’ principle and the second 
definition above are used in the calculation. 
The equal volumes required by the definition 
are obtained because the volume of the im- 
mersed object is equal to the volume of water 
it displaces, while the weight of that volume of 
water is given by Archimedes’ principle as 
the buoyant force on the object. 


W Example 7-1: A chunk of copper suspended 
from a balance weighs 156.8 grams in air. 
When it is completely surrounded by pure 
water at 20°C, the reading on the balance is 
139.2 grams (Fig. 7-5). Calculate the specific 
gravity of copper. 


Solution: 

The weight of copper in 
air = 156.8g 

The apparent weight of 
Copper in water 

-. the buoyant force of 
the water 


= 139.2g 


= 156.8 g — 139.2 g 


eis RS 
.'. by Archimedes’ principle, the weight of the 
displaced water = 17.6 g. 
The specific gravity of the copper 

weight of copper 
~ weight of equal vol. water 

But the volume of the displaced water is equal 
to the volume of the copper which displaces it. 


: : : . 156.8 g 
.'. the specific gravity of copper = 17.68 


= 8.91, 


.'. the density of the copper in this sample is 
8.91 times the density of pure water at 20°C. 


When the specific gravity of a substance is 
known, its density in any units can be calcu- 
lated from the known density of water. The 
density of water in various units is given in 
Table 7-1 for calculation purposes. 


Table 7-1 
THE DENSITY OF WATER 


1.0 x 10? kg/m? 
10 Ib/gal 
62 1b/cu ft 


1.0 g/cm? ; 
10g/ml ; 


10kgAl ; 
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Because of the choice of standards in the 
metric system the specific gravity of a sub- 
stance is numerically equal to its density in 
units of gram/cubic centimetre, gram/milli- 
litre, and kilogram/litre. But, since specific 
gravity is a ratio of two quantities in the same 
units, it has no units itself. The specific gravi- 
ties of a few common substances are given in 
Table 7-2. A more complete listing of densi- 
ties is given in the Appendix. 


Table 7-2 
SPECIFIC GRAVITIES 


Aluminum 2.7 
Copper 9.0 


Mercury 14 
Methanol 
Methyl 


0.79 


Iron 7.9 
Lead 11 


1:3 
0.87 


chloroform 
Turpentine 


Wherever the force of gravity acts on a fluid, 
the fluid exerts a buoyant force as a result of 
differences in pressure at different levels. Every 
fish and submarine in the sea is buoyed up by 
a force equal to the weight of water displaced. 
'To remain submerged these objects must have 
a weight equal to or greater than the buoyant 
force. If they wish to move from one level 
to another, the balance between the force of 
gravity and the buoyant force must be dis- 
turbed. Some fish can rise by increasing the 
buoyant force of the water on them simply 
by expanding their bodies, thereby displacing 
more water. Submarines are made to rise by 

. decreasing their weight, by forcing water out 
of their ballast tanks. 

The air of the earth's atmosphere also exerts 
a buoyant force on all objects immersed in it. 
For example, because of the buoyant force of 
air, an adult human apparently weighs about 
Y; pound less than might be expected. In 
accurate measurements with a balance, the 
buoyancy of the air must be taken into account 
when the density of the material being mea- 
sured is different from the density of the 
weights used on the balance. Balloons utilize 
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the buoyancy of air. If a gas such as hydro- 
gen or helium is used to inflate a light-weight 
plastic envelope, the buoyant force of the air 
can be considerably greater than the weight of 
the balloon. Such balloons are finding wide- 
spread use in making high altitude measure- 
ments of various properties of the atmosphere. 
A type of balloon known as a Skyhook has 
been used to carry rockets of masses as great 
as 300 Ib to heights of close to 20 miles. At 
this altitude air resistance is very small and 
less fuel is needed to launch the rocket. When 
it is fully inflated the Skyhook is pear shaped, 
about 100 feet long and 70 feet in diameter. 


W Example 7-2: A weather balloon has a vol- 
ume of 0.50 cubic metres when inflated. The 
weight of the envelope is 350 grams. If the 
balloon is filled with helium, what weight of 
instruments can it carry aloft? The density 
of air is 1.29 kg/m?, and the density of helium 
is 0.138 times the density of air. 


Solution: By Archimedes' principle, the buoy- 
ant force of the air 

— the weight of air displaced 

= the weight of 0.5 m? of air 

= 0.50 n? x 1.29 kg/m? 

= 0.65 kg 

= 650 E. 

Since the relative density of helium is 0.138 
(air = 1), the weight of helium in the balloon 
= 0.138 x 650g 

=:90'¢. 
.. the weight of balloon and helium 
The excess of the buoyant force over the force 
of gravity 

= 650 g — 440 g 
`. if an unbalanced force of 10 grams is left 
available to produce upward acceleration, the 
weight of the instrument load can be 200 grams. 


FLOATING AT THE SURFACE OF LIQUIDS 
According to Archimedes’ principle, if a liquid 


is displaced by a solid, the liquid exerts a buoy- 
ant force on the solid. This is true for any 
fraction of the solid that displaces liquid. For 
example, when a boy is lifting a stone out of 
water, he does not have to support the full 
weight of the stone until it is completely clear 
of the water. When half of the stone's volume 
is submerged, the buoyant force is half of the 
buoyant force when it is completely submerged. 
Suppose that an object is placed in a liquid 
of density greater than that of the object. The 
buoyant force of the liquid will equal the 
force of gravity before the solid is completely 
submerged. To go beyond this point of equi- 
librium requires that an extra downward force 
be applied. If it is not, the object remains in 
equilibrium under the action of balanced forces: 
it floats. 
When an object that will float is placed into a 
liquid, it will sink into the liquid until the weight 
of liquid that it displaces is equal to its own 
weight. 
This relation, a direct consequence of Archi- 
medes' principle, is sometimes called the law 
of flotation. 


W Example 7-3: A block of wood weighing 
120 g has a volume of 180 cm’. What fraction 
of its volume would be submerged when float- 
ing in alcohol of density 0.80 g/cm*? 


EXPERIMENT 1-5 


The Law of Flotation 


. Measure the weight of a hydrometer stick. 
Pour about 470 ml of water into a 500-ml 
graduated cylinder. Record the volume of 
the water. 

. Float the stick in the water. Record the 
volume to which the level of the water rises. 

. Develop the argument that leads to the law 
of flotation by answering the following ques- 
tions: 

(a) What is the weight of the stick? 
(b) What is the volume of water displaced 
by the floating stick? 
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Solution: For the block to float it must dis- 
place 120 g of alcohol. The volume of 120 g 
of alcohol 

= (120 g)/(0.80 g/cm*) 


= 150 cm?. 


To displace 150 cm? of alcohol, the block will 
have to have 150 cm? of its volume submerged. 
The fraction submerged = 15% g0 = 96. 

Archimedes’ principle provides the basis for 
the design of ships made of steel. For a steel 
vessel to float it is only necessary to spread 
the steel around so that it can displace an 
amount of water having a weight that exceeds 
the weight of the steel. 


m Example 7-4: A steel box is constructed to 
make a cube 10 cm on a side, from material 
0.20 cm thick. What weight of contents is pos- 
sible before the box sinks in a liquid of specific 
gravity 1.2? The density of steel is 7.0 g/cm’. 


Solution: The volume of the box is 
(10 cm)? = 1000 cm’. 
The maximum buoyant force that the liquid 
can provide is 
1000 cm? x 1.2 x 1.0 g/ 
The weight of the box, why 


(c) What is the weig 
water? 


pare with the weight of the displaced w 

(e) How does the buoyant force of the water 
on the floating stick compare with the force 
of gravity on the stick? 

5. Repeat the above procedure using a liquid 
more dense than water. Do you need to 
know the density of the liquid? 

Calculate the volume of turpentine that the 
stick would displace while floating. 
(Specific gravity of turpentine — 0.87.) 
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(a) (b) 
10 cm square and 0.2 cm thick, and which is 
made of steel of density 7 g/cm’, 
= 6 x 10cm x 10 cm x 0.2 cm x 7 g/cm? 
SONK Z x 
= 840 g. 
The excess of buoyant force over weight is 
1200 g — 840 g = 360 g. 
If material is added to the box, it will continue 


to float until the weight of the contents exceeds 
3.6 x 10? grams. 


HYDROMETERS 

The relations between fluid density and floating 
provide the basis for the construction and use 
of hydrometers, which are illustrated in Fig. 
7-6. Hydrometers usually consist of a hollow 
tube weighted at one end and having a gradu- 
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Fig. 7-6. Hydrometers are used to 
measure the specific gravity of 
liquids. The hydrometer floats in 
the liquid and the level of the 
liquid on the scale of the hydro- 
meter gives the specific gravity of 
the liquid. Here, the hydrometer 
is floating in (a) a 50% solution 
of ethyl alcohol, (b) pure water, 
and (c) a 37% solution of sul- 
furic acid (as in a fully charged 
lead storage cell). 


(c) 


ated scale at the other end. 
weighted end ensures that the instrument floats 


In a liquid, the 


upright. The depth to which it sinks will 
depend on the density of the fluid. The higher 
the density of the liquid, the greater will be its 
buoyant force per unit volume of the hydrome- 
ter immersed. When the scale is calibrated 
using liquids of known density, the hydrometer 
may be used to measure the density of un- 
known liquids. 

A number of specialized hydrometers are 
used for the determination of specific gravity: 
in dairies for milk, in automobile service sta- 
tions for antifreeze and battery acids, and in 
chemical laboratories for determining the com- 
position of aqueous solutions. For example, 
in a 12.5% sugar solution at 13°C, a hydrome- 
ter would indicate a specific gravity of 1.05. 


PROBLEMS: 


The specific gravity of water is 1.00 
A 


1. An aluminum cylinder has a volume of 40 cm? 
and weighs 110 grams in air. When the cylinder 
is completely submerged in water, 
(a) what is the volume of water displaced by 
the cylinder? 
(b) what is the weight of water displaced by 
the cylinder? 
(c) what is the buoyant force of the water on 
the cylinder? 
(d) what is the apparent weight of the cylin- 
der when submerged in water? 
Which of the above parts requires the use of 
Archimedes’ principle to arrive at the answer? 


2. The weight of a block of copper in air is 267 
grams. Its apparent weight when completely sub- 
merged in water is 237 grams. 
(a) What is the buoyant force of the water on 
the copper? 
(b) What weight of water is displaced by the 
copper? 
(c) What is the volume of water displaced by 
the copper? 
(d) What is the volume of the copper block? 
(e) What is the density of copper from these 
data? 
(f) What is the specific gravity of copper? 
3. A gold brooch weighs 114 grams in air. Its 
apparent weight in water is 108 grams. Calculate 
the specific gravity of gold. 
4. A block of iron weighs 79 pounds in air and 
69 pounds in water. Calculate the specific gravity 
of iron. 


5. The specific gravity of zinc is 7.0. Calculate 
the density of zinc in Ib/ft?. What is the weight 
of 2.5 ft? of zinc? 


6. The specific gravity of platinum is 21.4. Cal- 
culate the weight of 0.20 ft? of platinum. 


7. A stone of mass 78 Ib can be lifted from the 
bottom of a river by a boy exerting a force of 
50 Ib. Calculate the specific gravity of the material 
of the stone. 
8. An iron ring of mass 3.0 ]b has an apparent 
weight in water of 2.6 Ib. 
(a) What is the weight of the displaced water? 
(b) What is the weight of an equal volume of 
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methyl chloroform having a specific gravity 
of 1.3? 

(c) If the iron ring is submerged in methyl 
chloroform, what would be the apparent weight 
of the ring in methyl chloroform? 


9. A pure silver spoon weighs 210 grams in air, 
190 grams in water, and 196 grams in gasoline 


(octane). Calculate 
(a) the buoyant force of the water on the 
spoon, 


(b) the weight of water displaced by the spoon, 
(c) the buoyant force of the gasoline on the 
spoon, 

(d) the weight of gasoline displaced by the 
spoon, 

(e) the specific gravity of gasoline. 


40. An aluminum block weighs 108 grams in air, 
68 grams in water, and 76 grams in methanol. 
Calculate the specific gravity of methanol. 


11. Calculate the volume of 
(a) 400 grams of sulfur of density 2.0 g/cm, 
(b) 150 grams of ethanol of specific gravity 
0.80, 
(c) 100 grams of nitric acid of specific gravity 
T5: 


12. A corked bottle weighing 260 grams is float- 
ing in methyl chloroform (density 1.3 g/cm’). 
(a) What is the weight of methyl chloroform 
displaced? 
(b) Calculate the volume of methyl chloroform 
displaced. 
(c) What is the volume of the submerged por- 
tion of the bottle? 


13. A block of wood of volume 120 cm? floats in 
water with 80 cm? submerged. Calculate 

(a) the weight of water displaced, 

(b) the density of the wood. 


14. A test tube is loaded with a few drops of 
mercury so that it floats upright in water with 
12.0 cm? beneath the surface. In benzene the 
test tube floats with 13.6 cm? submerged. Cal- 
culate the density of benzene. 


B 
15. A block of glass is suspended from one pan 
of a balance to measure the specific gravity of 
liquids. The weight of the glass in air is 260.0 
grams. When submerged in pure water at 25°C, 
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17. A maple block, 20 cm long, 15 cm wide and 
10 cm deep is floating in water. Its mass is 2040 
grams. Calculate 

(a) the density of the block, 

(b) the fraction of the block that is submerged 

in water, 

(c) the specific gravity of the block. 
18. A block of solder has a mass of 1000 grams 
and a volume of 100 cm*. When it floats in mer- 
cury 73 cm? of the block is submerged. Calcu- 
late the density of mercury. 


19. An ebonite rod has a mass of 116 grams. It 
is floating upright in carbon tetrachloride of spe- 
cific gravity 1.60. 

(a) Calculate the volume of the rod beneath 

the surface of the carbon tetrachloride. 

(b) If 28 cm? of the rod extend above the sur- 
face of the liquid, what is the density of ebonite? 


20. A uniform hydrometer has a mass of 100 
grams. It floats with 50% of its volume sub- 
merged in water. 
(a) What is the specific gravity of sperm oil in 
which the hydrometer is 57% submerged? 
(b) What is the specific gravity of carbon di- 
sulfide in which the hydrometer is 40% sub- 
merged? 
21. Answer the following questions, and give a 
reason for your answer: 
(a) An ice cube is floating in a glass of water. 
As the ice melts will the level of water in the 
glass change? 
(b) A box containing air and a bird is sealed 
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Will the weight be different if 
bird is standing on the bottom, or flying 

in the air? 
(c) A block of wood is balanced with brass 
cylinders on an equal arm balance. The appa- 
ratus is enclosed in a container which is 
then evacuated. How will the balance be 
affected? 
(d) Identical rubber balloons are inflated and 
tied to the ends of a light balanced beam. Onc 
of the balloons is then punctured. Is this a 
satisfactory way to show that air has weight? 
(e) A block of wood is sealed into a container 
of water that is sent into orbit with an astro- 
naut. Once in orbit what would you expect 
the astronaut to observe as he turns the con- 
tainer end over end? 
(f) The specific gravity of sea water is 1.03. 
What change occurs as ocean liners travel up 
the St. Lawrence River into water of decreasing 
salinity? 

22. A balloon has a volume of 3000 m?. 1f it is 

filled with hydrogen, what is the buoyant force 


on the balloon? (The density of air is 1.3 kg/m" 
and the density of hydrogen is 0.09 kg/m?.) 


23. What must be the minimum volume of helium 
gas in an airship designed to carry a load of 
5.0 x 10* kg (about 5 tons)? (The density of 
helium is 0.18 kg/m?.) 


c 

24. A rectangular solid is submerged upright in 
a liquid having a density of 2 g/cm?. The 
top of the solid has dimensions 1 cm by 3 cm, 
and it is 5 cm tall. Its top surface is 8 cm below 
the surface of the liquid. Calculate the force of 
the liquid on the upper and lower surfaces of the 
solid, and deduce Archimedes' principle. 


25. Prove that when a solid floats in a liquid the 
fraction of the solid that is submerged is equal 
to the ratio of the density of the solid to the 
density of the liquid. 


CHAPTER 8 


WORK, ENERGY AND POWER 


In previous chapters we have discussed such 
physical qualities as force, mass, acceleration 
and velocity, and have shown some of the rela- 
tionships between them. We have seen in 
particular how the application of an unbal- 
anced force results in the acceleration of a 
mass; in the example given in Chapter 5, men 
pushed an ore truck and in so doing acceler- 
ated it. The physical description of the truck 
changed as a result of the force. Originally 
it was stationary, and later it was accelerating 
and capable of doing damage if, for example, 
it ran off the rails. The truck therefore gained 
something as a result of the men’s action. The 
men themselves would say that they had done 
a lot of work, or that they had spent a lot of 
energy, and in order to replace this they might 
eat more food. They would also feel less 
capable of doing anything else for some time. 

We see then that the men have lost some 
energy and that the truck has gained some- 
thing as a result of the sustained applied force. 
It is the purpose of this chapter to discuss the 
idea of energy and its transfer from one body 
to another. 


ENERGY, FORCE AND DISPLACEMENT 


In the example above, the men did work when 
they applied a force and moyed something. 
Two physical quantities, force and displace- 
ment, were therefore involved in this work. 
We can see that both are essential by consider- 
ing examples when there is a force but no dis- 


2 


placement (a block sitting on a table or a 
man leaning against a wall) or where there is 
a displacement but no force (a puck sliding 
along a frictionless surface). In none of these 
cases is any work done. 

A block sitting on a table may, however, 
have energy. If, for example, it falls off the 
table onto some glass, the glass may be broken, 
the energy associated with the block's position 
in space being transferred to the glass. This 
transfer is associated with the force of gravity 
and the displacement, or falling, of the block. 

Scientifically, we use the term work as a 
measure of the transfer of energy. We will 
now develop the relation between work, force 
and displacement using a thought experiment, 
and subsequently in this chapter we will find 
the energy associated with a body due to its 
position or its motion. 

Let us consider an experiment (which in 
practice is regularly carried out by automobile 
and gasoline companies) to determine the dis- 
tance that an automobile will go on a gallon 
of gasoline. We, however, will use two identi- 
cal automobiles which can be rigidly strapped 
to each other, side-by-side, so that one engine 
can drive both cars (Fig. 8-1). The engine 
is necessary, even when the car is running at 
a constant velocity, in order to counterbalance 
the forces of friction between the tires and the 
highway, and the resistance of the air through 
which the vehicles move. These resistive forces 
are always opposed to the movement of the 
automobile, and their direction is therefore 
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opposite to the direction of motion. For sim- 
plicity, we will keep all speeds constant 
throughout the experiments, and call the total 
resistance (friction plus wind resistance) 1 
unit of force per car. When the two cars are 
strapped together, the resistance is then 2 units 
of force. 

Now a tankful of gasoline is poured into one 
car and the distance that it travels on this is 
measured. The distance might, for instance, 
be 200 miles. We will call 200 miles one unit 
of displacement. With two tankfuls of fuel, 
the car travels two units of displacement. With 
one unit of fuel, the two cars strapped together 
only travel 100 miles, that is half a unit of dis- 
placement. The results of these and further 
experiments is shown in the table. 


Table 8-1 


SUMMARY OF RESULTS OF 
THOUGHT EXPERIMENT 


Force 
(in units of 
resistance 
per car) 


Fuel 


Displacement 
(tankfuls) 


(in units of 
200 miles) 


1 
2 


1 
1 
2 * 
9 1 


A similar set of results was used in Chapter 5 
to show that F — ma. Here, an examination 
of this table leads to the conclusion that the 
relationship between fuel, force F, and dis- 
placement d, is 

fuel (tankfuls) — Fd 

where F and d are measured in the units noted 
above. Exactly the same kind of relationship 
exists for the men pushing the trucks. They 
would say that the work they did, or the energy 
they spent, doubled if they had to push the 
trucks twice as far, or halved if the trucks were 
only half full. The gasoline fuel has chemical 
energy locked up in it which becomes released 
100 


200 miles 
per tankful 
100 miles 
per tankful 
Car 1 
) 
200 miles 
per 2 tankfuls 
Car2 
Fig. 8-1. In a thought experiment, a mileage test can be 


used to find the relation between force, energy and dis- 


placement. The results are summarized in Table 8-1. 


when the gasoline is burned or exploded, mak- 
ing it capable of the work of driving the auto- 
mobile. In general we can define the energy 
transferred, E, as the product of force, F, and 
displacement, d, 

Or; "RE Fd. 

The work done is the measure of the energy 
transferred. Sometimes the ideas are reversed, 
energy being defined as the capacity for doing 
work. If a body has a large amount of energy, 
a lot of this energy can be transferred, that is, 
much work may be done. 

From the defining equation above, the unit 
of work or energy is 1 newton x 1 metre, or, 
as the newton is 1 kilogram.metre/second?, the 
unit of work is kilogram.metre?/second?. For 
convenience, the unit of work or energy in the 
MKS system is given a name of its own, the 
joule (J). This is in honour of J. P. Joule, 
whose work will be discussed more fully in the 
next chapter. 

Then 

1 joule = 1 newton x 1 metre 
or 


P= Nu 


You do about one joule of work in lifting two 
golf balls one yard off the ground. 

Once again we must consider the question of 
the direction of the quantities concerned as well 
as their magnitudes. Both force and displace- 
ment are vectors, but energy itself is a scalar 
quantity. This may be seen by considering 
once more the case of gasoline, a volume of 
which contains a certain quantity of chemical 
energy. You do not talk of “a tankful of gaso- 
line south" when discussing how much fuel 
you have—or putting it another way, if a per- 
son walks for 10 miles towards the east, he is 
just as tired (has used up as much energy) as 
if he had walked 10 miles west or any other 
direction. 

However, the question of direction does come 
in when the magnitude of an energy is calcu- 
lated. Consider that a block of mass 1 kilo- 
gram is lying on a perfectly smooth table, that 
is to say, a frictionless one. The force of gravi- 
ty will be equal to 9.8 newtons (ee 29:8 
m/sec?) in a direction towards the centre of 
the earth [down]. If now you wish to lift the 
block up, you will have to exert a force of 
9.8 N [upwards]. To lift the mass by 2.00 
metres, the total work done by you will be 


>> 
EZFa 
9.80 N [up] x 2.00 m [up] 
= 19.6 joules. 
You can feel yourself doing this work. The 
energy you lose is transferred to the block, 
which is now capable of doing work itself. 


This can be seen by considering the action of 
the block first of all when it is just held in the 


Il 


(a) 


Frictionless 


surface Displacement 
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hand at table level and secondly if it is dropped 
into the hand from a height of two metres. 

Now consider that the block is once more 
on the table, but moving through 2.00 metres 
horizontally at a constant speed along the 
frictionless surface as illustrated in Fig. 8-2(a). 
There are still forces acting, the gravitational 
force downwards and the reaction force up- 
wards, but this time no work will be done. 
That is 
0 — Force [up or down] x 2.00 m [sideways]. 
No work is done if the force acting and the dis- 
placement are at right angles to one another. 
(In practice it is, of course, not possible to get 
frictionless surfaces, and therefore some work 
will always have to be done to overcome the 
frictional forces. These will always be along 
the same line as the displacement though in 
the opposite direction.) 

We should then qualify the definition of 
work stated above, and say that 

work — force x displacement, 


where the force and displacement are in the 
same straight line. 

One rather surprising result of the fact that 
no work is done if the force and the displace- 
ment are perpendicular to each other is that 
it takes no energy to keep the moon rotating 
round the earth or the earth round the sun, 
and only sufficient to overcome the slight air 
resistance to keep an astronaut circling the 
earth as shown in Fig. 8-2(b). This is because 
the force between the earth and the moon is 
the gravitational attraction. This acts in the 
direction joining the centres of the moon and 
the earth, which is a radius of the moon's orbit, 


(b) 


Earth satellite 


dcn 
ee 


Displacement 


Fig. 8-2. No work is 
done when the displace- 
ment is at right angles 
to the force. Thus a 
block may slide along 
a frictionless surface and 
a satellite may orbit 
around the earth with 
no work being done in 
either case. 
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while the displacement of the moon is along 
the circumference of the orbit. Radii are per- 
pendicular to the circumference of a circle, and 
so to the direction of the displacement, and 
thus no work is done. 


= Example 8-1: Calculate the work done (or 
the energy used) in moving a block a horizontal 
distance of 6.0 metres against a constant fric- 
tional force of 4.5 newtons, the velocity of the 
block being constant at all times. 


Solution: The frictional force will always be in 
the opposite direction to the displacement. The 
force of gravity will be at right angles to the 
(horizontal) displacement, and therefore will 
not enter into this problem. As there is no 
acceleration (the velocity is constant) there 
cannot be any unbalanced forces. The applied 
force must therefore be just equal to the fric- 
tional force, but forward instead of backward. 


Energy (work done) — force x displacement 


or E = Fd. 
Then E = (4.5N) (6.0m) 
Sot Je 


Thus, the work done was 27 joules. 


m Example 8-2: An object of mass 5.0 kilo- 
grams is moved 6.0 metres southwards in a 
horizontal plane across a frictionless surface 
by aforce F. The work done during this oper- 
ation is 15 joules. Calculate the force applied 
and the acceleration of the object. 


Solution: 
As Ez Fa 
OMNEA 
then F= S 
d 
... 15 joules 
SECO [south] 


= 2.5 N [south]. 

Thus the magnitude of the force is 2.5 new- 
tons, and its direction will be south, the same 
direction as that of the displacement. 
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— => 
Now F=ma 
ES 
then C= 
m 
. 2.5 N [south] 
ET 5.0 kg 


= 0.50 m/sec? [south]. 


-'. the acceleration of the object is 0.50 m/sec? 
[south]. 


KINETIC ENERGY 


However sharp an axe is, it will never cut a 
tree merely by leaning against it. It is the fact 
that the massive axe is swung into the tree with 
a high velocity that enables the tool to do the 
work of cutting. A pile-driver is able to do 
the work of driving steel beams into the ground 
because of the velocity of the massive block 
that drops onto the beams. This energy, this 
capacity for doing work due to the fact that 
a mass has velocity, is called kinetic energy. 
We can easily see how this energy depends 
on the velocity by a consideration of the units 
involved. We have seen that 
1 joule = 1 newton x 1 metre 
(1 kilogram x 1 metre/second?) 
x 1 metre 
1 kg x (1 m/sec)?. 


The unit of energy is therefore a product of the 
unit of mass and the square of the unit of 
velocity, and we then expect that the kinetic 
energy of a moving mass will vary directly as 
the mass of the object and the square of its 
velocity. 

A more detailed study of the relationship 
between kinetic energy, mass and velocity may 
be found using the equations of motion estab- 
lished in Chapter 4. Once more we start with 
the definition of energy transfer: 


Energy — force x displacement 
or E = Fd. 


A force F will cause a uniform acceleration a 
given by 


F = ma, 


where m is the mass of the object under con- 
sideration. Then 
E — mad. 
Fig. 4-5 shows that under conditions of uniform 
acceleration, the distance travelled in a time t, 
when the initial velocity is zero, is 
displacement — average velocity x time, 
or a= AEE 
where v is the final velocity. Also from Chap- 
ter 4, 
yzu- dat, 
yvV—u 
T 


or a= 
When the initial velocity u is zero, 


a= 


mje 


It is due to the transfer of the energy E that 
the velocity of the object is increased from zero 
to v. 


Then E = mad 
[Y] [34 vel 
-mi- 15 vt 
FR 

= Y% m? 


Thus: 

The kinetic energy of a moving object is equal 
to half the product of the mass of the object 
and the square of its speed. 


Note that the units from this definition will be 
kg.(m/sec)? in the MKS system. This agrees 
with the units derived for the joule on p. 100. 

The fact that it is the square of the velocity 
that occurs in the expression for kinetic energy 
is further evidence that energy is a scalar 
quantity. Considering an object of mass 1 kg 
travelling with speed 2 m/sec, its energy would 
be the same whether the object were moving 
forwards (velocity = + 2 m/sec) or backwards 
(velocity = —2 m/sec) as 

C G2 end 


and therefore the kinetic energy, Ex in both 
cases 1S 
E, = V mv? 
2Wx1lkgx 4(m/sec)? 
= 2 joules 
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m Example 8-3: A hockey puck, mass 0.17 
kg, is travelling at 40 miles per hour. What is 
its kinetic energy? (1 mile — 1.61 kilometres.) 


Solution: 
40 m.p.h. = 40 x 1.61 km/hr 
= 40 x 1.61 x (109/3600) m/sec 
= 17.9 m/sec. 
Ey = VW my? 
= 14(0.17 kg) (17.9 m/sec)? 
—27]J. 


where we have used the convenient notation of 
E, for kinetic energy. 
J^". the kinetic energy of the puck is 27 joules. 


Then 


m Example 8-4: An artillery shell, of mass 
120 kg, leaves the mouth of a cannon with an 
energy of 18 x 107 joules. What is its initial 
velocity? 


Solution: 
Let E, be the kinetic energy of the puck. 
Kinetic energy = Jó mass x (velocity)? 
or E, = % mv? 


JE 
m 
| 2(18 x 107 joules) 
120 kg 
A 30 x 105 Joules 
kg 


= 1.7 x 10° m/sec. 
Therefore the shell leaves with a velocity of 
1700 metres/second, or about 1 mile/second. 


M 


then y 


M 


Note that . 
joule kg(m/sec)? - | T2 
| kg ~ N sec? Set 


POTENTIAL ENERGY 

The block of mass 1 kilogram that was lifted 2 

metres in an earlier example would, if released, 

fall under the influence of gravity. In doing so 

it would accelerate, acquire velocity and kinetic 
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the table, its velocity at the time of hitti 
table will be given by 


(since v = u + at, and u = O and a = g). 
Also, from Fig. 4-5, 


E, = ome 
m m (gt)(24/1) 
m mgd. 
You will also see that this kinetic energy is 
exactly equal to the work that had initially 
to be done in lifting the object to the height d 
There was a transfer of energy equal to med 
when the object of mass m was raised through 
a height d, and an amount of energy equal to 
mgd can reappear as kinetic energy if the mass 
be dropped back through the same height. This 
amount of energy mgd must then be the ener- 
gy stored in the object, or its potential energy, 
by virtue of the fact that it is a certain distance 
above a reference plane, and we say that 
E, = med. 
This is illustrated in Fig. 8-3. 


€ Example 8-5: The Niagara River above the 
Falls has a flow of about 6000 metres? per 
second, and the Falls are about 49 metres high. 
Calculate the potential energy, E,, that be- 
comes converted to kinetic energy (or elec- 
tricity or heat etc.) every second as the water 
goes over the Falls. 

(g = 9.8 m/sec?, and the density of water 
is 10° kg/metre?.) 


d= vi Solution: 
2d E, = med 
OF.) ) Vie == " = (6000 x 10° kg) x 9.8 (m/sec?) 
Therefore the kinetic energy of the object at the x 49m 
time of hitting the table is = 29 x 10* joules. 
D, | 
v 
Fig. 8-3. When c brick moss m is a height d above plus a potential energy h. finally 
San tks ws ar PO ee te Pacman sr Gok ee ra 
it has a speed w, it will have a kinetic energy of yamu? is ete edi A CREE M e 


Fig 9-4 d^ (o) the work dese c] ot ouw the time 
token = 20 minutes, in (b), the werk dene = 1 evt lm 
the nome token = 40 minutes. lo beth cases the ament of 


= Example 8-6: In a previous example, a 120- 
kg artillery shell was stated to have an initial 
energy of 18 x 10' joules. If all this were 
converted to gravitational potential energy by 
shooting the shell straight up, how high would 
it rise? (Neglect all the effects of air resistance, 
etc. and assume that g is a constant at all rele- 
vant heights.) 


Solution: 
E, = mgd 
Jat 
mg 
18 x 10° J 
= (120 kg) (9.8 m/sec") 
= 15 x 10* metres. 


-'. the shell would rise to a height of 15 x 10* 
metres (approximately 95 miles high!). 


POWER 

A lazy man doing a job of work and an ener- 
getic man doing the same job do exactly the 
same amount of work and use the same amount 


In the MKS system the unit of power is a 


WOHE, ("toT AND rowr 


be discussed further in Chapter 14. 


and 
In the British system of units, the unit of 
power is the horse-power, hp. The relation- 
ship between the two units is 
1 horse-power = 0.746 kilowatts, 
or, roughly, 1 hp = % kW. 
The two units are therefore not very different 
from one another. 


m Example 8-7: A man raises a SO-kg mass 
a vertical distance of 1.2 metres in 0.50 sec- 
onds. With what power is he working? 
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_ (50 kg) (9.8 m/sec?) (1.2 m) 
$ 0.50 sec 


= 1.2 x 10 watts. 


.'. the man works with a power of 1.2 x 10° 
watts. 


m Example 8-8: A mass is being moved in a 
horizontal direction by an engine that works at 
a constant rate of 100 kilowatts. It is found 
that the mass moves a distance of 20 metres 
each second, the velocity being constant. Cal- 
culate the frictional forces resisting the move- 
ment of the mass. 


Solution: As there is no acceleration, the engine 
must exert a force just equal to the frictional 
forces F,. 


Now p.t 
Fd 

PNE 

Pt 

a Hm 


We are told that the mass travels 20 metres in 
1.0 second, and that the power is 100 kilo- 
watts. 


EXERCISES and PROBLEMS 


In this set of exercises let g = 10 m/sec?. 
A 


1. List examples of situations where there is 
(a) displacement but no force (and therefore 
no work) 
(b) force but no displacement (and therefore 
no work) 
(c) force at right angles to the displacement 
(and therefore no work) 
(d) force and displacement along the same 
line (and therefore work). 


2. How many joules of work are needed to move 
a body x metres against forces of y newtons with 
following values of x and y? 

(a) x= 10, y= 10 

(b) x= a y= 33 

(c) x 250, y= 10 
106 


pi- 100 x 10? (watts) x 1.0 (sec) 
f 20 metres 
= 5.0 x 10? newtons. 
.'. the frictional forces are 5.0 x 10? newtons. 
(20 metres/second is approximately 40 miles 
per hour, and 100 kilowatts is the approximate 
power of a smallish automobile engine.) 


m Example 8-9: In Example 8-5 it was stated 
that 6000 cu. metres of water per second fell 
49 metres over Niagara Falls. Calculate the 
power that would be available for electricity 
from this source if it were all utilized. 


Solution: We saw in Example 8-5 that the total 
energy represented by the water that went over 


the Falls each second is 29 x 108 joules. As 
ESRD 
or pr ? 


the power is therefore 

29 x 105 joules 

1 second 

(As a matter of interest, you might like to 
estimate the number of automobile engines that 
harnessed together to a huge pump would be 
sufficient to pump the water of the Niagara 
River back up the Falls.) 


= 29 x 108 watts. 


(ix 10 = 50 
(e) x = 50, y = 50 


3. A man weighing 750 newtons has the capacity 
to do 15000 joules of work without stopping 
to test. How high could he climb up a long 
ladder without pausing? 


4. A horse pulls a cart a distance of 120 metres 
and does 8400 joules of work. With what force 
was the horse pulling the cart? 


5. After doing the mathematics, it turns out that 
the work required to take a spaceship a long way 
from the earth is just equal to the weight of the 
ship (at the surface of the earth) times the radius 
of the earth. Calculate the work needed to shoot 
a 3-ton ship away from the earth. (1 ton is 
approximately 10? kg, g = 9.8 m/sec?, radius of 
the earth = 6.4 x 109 m.) 


6. Using the information contained in the last 
question, calculate the energy gained by the earth 
when a meteor of mass 10* kg is captured by 
the earth's gravitational field. 


7. Calculate the work done by a man with a mass 
of 60 kg on jumping a height of 2.2 metres (that 
is, about the world record for the high jump). 


8. An object of mass 10 kg is being accelerated in 
a horizontal direction at a rate of 2 m/sec?. How 
much work is done while it moves a distance of 
3 metres? 


9. An object of mass 10 kg is being accelerated 
upwards from the surface of the earth at a rate of 
2 m/sec?. How much work is done while it is 
lifted through a height of 3 metres? 


10. An object of mass 10 kg is pulled downwards 
by a person with such force that its acceleration 
towards the ground is 12.8 m/sec?. How much 
work is done by the person while the object moves 
through 5 metres? Where does the rest of the 
work come from? 


11. A baseball of mass 0.14 kg is thrown with a 
velocity of 9.5 m/sec. What is its kinetic energy? 


12. A coco-nut of mass 0.80 kg is growing 30 m 
above the ground on a palm tree. The tree is just 
at the edge of a cliff 50 m above the sea. Calculate 
the gravitational potential energy of the coco-nut 
relative to (a) ground level, (b) sea level. 


13. Calculate the kinetic energy of a runner of 
mass 64 kg travelling at a speed of 7 m/sec. 


14. An automobile of mass 1.5 x 10? kg is travel- 
ling along the highway. Calculate its kinetic 
energy when its speed is (a) 18 m/sec, (b) 36 
m/sec. 

15. An engine does 12 x 10? joules of work in 
l minute. What is its power in watts? 

16. A man is working at a rate of 500 watts. 
How much work will he do in 15 minutes? 


17. A motor with a power of 200 watts (that is, 
about a quarter horse-power) has to do a job that 
requires a total of 12 x 10* joules. How long 
will it take to do this job? 

18. A 70-kg man runs up a flight of steps of total 
height of 15 m in 5 seconds. What power does 
he exert in kilowatts and, roughly, in horse-power? 
(Try this experiment yourself to find your own 
power.) 
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B 
19. A baseball of 0.14 kg is thrown vertically up- 
wards with a velocity of 9.5 m/sec. What height 
will it reach—that is, at what height will all its 
original kinetic energy be converted to potential 
energy? 
20. A hockey puck, mass 0.17 kg, is dropped onto 
the ice from a height of 1 m. What will be its 
velocity on hitting the ice, and its kinetic energy 
then? What happens to this energy? 
21. A shell of mass 100 kg is shot with a velocity 
equal to that of sound in air (340 m/sec). What 
is its kinetic energy? What is the maximum height 
to which such a shell could be shot? 
22. A stone of mass 0.05 kg is shot forward by 
a catapult. On leaving the string it has a velocity 
of 13 m/sec (about 30 miles/hr). Assuming 
that all of the energy stored in the stretched elas- 
tic was given to the stone, what was this potential 
energy? 
23. Calculate the velocity with which a man 
weighing 60 kg will hit the earth after falling 
from a window 20 metres above the ground. If 
a boy of mass 40 kg falls from the same window, 
with what velocity would he hit the ground? 
24. The 60-kg man jumping from the 20-m high 
window in Question 23 would fall to the ground 
in about 2 seconds. Calculate the average power 
exerted on him by the earth during this time. 


[9 
25. A ball of mass 0.20 kg is thrown from the 
ground into the air with a vertical velocity of 
20 m/sec. It rises to its maximum height and 
then begins to fall. When it has fallen a distance 
of 15 m, it hits an obstacle and stops. What are 
its velocity and kinetic energy immediately before 
it stops? Neglect any horizontal motion of the 
ball. 
26. Repeat the preceding question assuming that 
(i) the initial vertical velocity was 40 m/sec; 
(ii) the initial vertical velocity was 40 m/sec 
and that the ball was stopped 5 m above 
ground level. 
27. In a nuclear physics machine a total of 3 x 
1014 nuclei of hydrogen atoms are accelerated 
every second from rest to a speed of 2.4 x 107 
m/sec. The mass of each nucleus is 1.7 x 10-29 
kg. What is the energy of each nucleus and what 
is the power developed by the machine? 
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CHAPTER S 


THE CONSERVATION OF ENERGY 


Of the various quantities in mechanics that have 
been defined in previous chapters energy is 
the one with the widest application. Energy 
may be treated the way gold is in international 
finance; it is the medium of exchange in science. 
During the nineteenth century, scientists were 
able to establish that heat, electricity, chemical 
reactions, and organic processes all involve 
various forms of energy. They established a 
kind of balance sheet for energy: energy can- 
not be created or destroyed, but only changed 
from one form to another. 

By 1850 a number of scientists had clearly 
recognized the principle of the conservation of 
energy: 

Within any system of related parts, having no 
contact with anything else, the total amount of 
energy, in whatever form, remains unchanged. 


This principle contains two essential ideas: 
(i) Energy may take a number of different 
forms; (ii) If the amount of energy in one 
form increases, it does so. at the expense of 
that in another form. This is an exact quanti- 
tative relation: any apparent deviation from it 
can be overcome by defining other forms of 
energy. 


ENERGY RELATIONS FOR A PENDULUM 


In Fig. 9-1 a steel ball at B of mass m — 1.8 kg 
is shown suspended by a light string from a 
support A. It is imagined to be enclosed in 
an air-tight, energy-tight box. Just before the 
box was closed, a boy reached in and did 3.6 
joules of work to move the ball to B from its 
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rest position at C. The vertical displacement 
of B from C was d, metres. With the box 
closed tightly, there is enclosed within it 3.6 
joules of energy transferred from the muscular 
chemical energy of the boy. The gravitational 
potential energy of the mass has been increased 
by 3.6 joules. 


If g 210 m/sec’, 


E, = mgd 
= 3.6 joules 
J^. (1.8 kg) (10 m/sec?) d, = 3.6 joules 
Te he 3.6 joules 
1717718 kg x 10 m/sec? 
= 0.20 m. 
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Fig. 9-1. If a pendulum is swinging inside an energy- 
tight box, the total amount of energy inside the box 
remains constant, though the type of energy may alter. 
Thus at B and D the potential energy of the pendulum bob 
is maximum and its kinetic energy is zero. But at C the 
kinetic energy is maximum and the potential energy is zero. 


.'. the initial height to which the ball has been 
ralsed above its original position is 0.20 m. 

Since the pendulum is free to swing, the ball 
will move from B toward C, and its height 
above the level of C will decrease. As this 
occurs the potential energy of the ball will de- 
crease and it will gain kinetic energy. When 
the ball reaches the position C all its energy 
will be kinetic. 


Then E; = % mv? = 3.6 joules 

.. V6(1.8 kg) v? = 3.6 joules 
ES VEHOIE 

1.8 sec? 


vs y e:2.0:myseo; 


-. the ball will move through position C with 
a speed of 2.0 m/sec. From position C to 
position D the height and potential energy of 
the ball will increase while its speed and ki- 
netic energy will decrease. At the extreme 
positions, B and D, the 3.6 joules will be in 
the form of potential energy (E, — 0), and at 
the mean position, C, the 3.6 joules will be in 
the form of kinetic energy (E, — 0). 
Consider the situation at an intermediate 
position when the speed of the ball is 1.0 


m/sec. The kinetic energy, 
E, = % mv? 
= % (1.8 kg) (1.0 m/sec)? 
— 0.90 joule. 
Since the total energy, E — 3.6 joules, and 
since Ee ee ey 
then E, =E- E 
= (3.6 — 0.90) joules 
= 2.7 joules. 
Therefore mgd = 2.7 joules 


(1.8 kg) (10 m/sec?)d = 2.7 joules 


Thus when the speed of the ball is 1.0 m/sec, 
its height above the level of C is 0.15 m. The 
reverse is also true: when the ball is 0.15 m 
above its lowest position, its speed is always 
1.0 m/sec. 


THE CONSERVATION OF ENERGY 


If mechanical energy in potential and kinetic 
forms is conserved, the pendulum should con- 
tinue to swing back and forth forever, exchang- 
ing one form for the other in alternation. But 
we know that will not happen. The amplitude 
of each swing will be a little less than that of 
the previous one. The speed of the ball at C 
will never quite reach 2.0 m/sec, and will 
gradually diminish. Mechanical energy is not 
being conserved: energy is apparently being 
lost. 

Being convinced that energy can never be 
lost, we must look for its transformation. There 
is friction at the support A, however well lubri- 
cated it may be, and with the air in the box. 
Mechanical energy will be used up to over- 
come the friction, being transformed into heat 
energy. If the frictional resistance of A is very 
small the loss of mechanical energy will be very 
slow. But it is certain that eventually the pen- 
dulum will become motionless, and 3.6 joules 
of energy will have been transformed to heat. 
Since the enclosure is energy-tight, the heat 
will be retained, and we may consider that the 
box still contains 3.6 joules of energy. 

It must not be thought that the total energy 
in the box was only 3.6 joules. If the box 
were located on a table, it and its contents 
would have a gravitational potential energy 
with respect to the floor. In addition, the box 
and contents must have contained heat energy 
that could have been transferred to any object 
at a lower temperature. The 3.6 joules refers 
only to the amount by which the energy was 
increased. All the original energy would be 
retained, as well as that which was added by 
swinging the pendulum. 


ENERGY EXCHANGE AND CONSERVATION 


Early in this chapter we stated that the total 
energy within an isolated system remains un- 
changed. Since an ideal closed system is diffi- 
cult to find, we should try to apply the idea of 
energy conservation to systems that are not 
isolated. Suppose that a stationary toy steam 
engine possesses an initial internal energy of 
100 joules (Fig. 9-2). Then, while fuel is 
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EXPERIMENT 1-6 


Energy Relations For 
A Simple Pendulum 


1. Suspend a metal bob of mass about 100 


grams by a string about 40 cm long from as 
rigid a support as possible. Pull the bob 
aside a few centimetres and release it. What 
energy exchanges occur as the pendulum 
vibrates? 


With the bob hanging vertically measure the 
distance from the bottom of the bob to the 
table top. Then pull it aside about 10 cm 
and measure the distance from the bottom 
of the bob to the table top. Calculate the 
potential energy increase for the bob. With 
a metre stick held vertically on the opposite 
side of the support release the bob and 
measure the height to which it rises at the 
other end of its swing. Has the energy 
of the bob been conserved? 


3. As shown in the figure locate a rod on the 


support stand so that the string hits it as 
the bob swings. Pull the bob aside, measure 
its height above the table, release it, and 
measure the height to which it rises after the 
string hits the rod. Is energy conserved? 
1f the bob you use is not spherical you may 
find that the measurement of its height 
above the table should not be made to the 
bottom of the bob. What point should be 
used? Repeat the measurements for dif- 
ferent amplitudes and for several locations 
of the rod along the length of the string. 


Measure the time for ten or twenty com- 
plete vibrations of the pendulum and calcu- 
late the period of the vibration. Repeat the 
measurement several times and calculate 
the average. Does the period of the vibra- 
tion depend on the amplitude of the vibra- 
tion? Do the average and maximum speeds 
of the bob depend on the amplitude? What 
other quantity changes when the amplitude 
is increased? Does it have any connection 
: with the maximum speed of the bob? 


5. Pull the bob aside so that the angle between 


the string and the vertical is not greater 
than 15°. Make the measurements neces- 
sary to determine the potential energy of 
the bob at its extreme position, then release 
it and make the measurements necessary to 
determine the average speed of the bob 
during a complete vibration. From the 
principle of energy conservation calculate 
the maximum speed of the bob (i.e. when 
its potential energy is a minimum). A com- 
plete analysis of the energy of a pendulum 
indicates that for small amplitudes the maxi- 
mum speed is 7/2 times the average speed. 
Determine the percentage difference be- 
tween the maximum speed calculated from 
the energy relation, and 7/2 times the 
average speed. 


Any of the preceding measurements can be 
repeated for bobs of other masses and 
strings of other lengths. epeat Steps 2 
and 4 for as many such alterations as time 
permits. 


Fig. 9-2. 
internal energy of 100 joules. 


A stationary toy steam engine has an initial 
When it receives a further 


added with an energy content of 75 joules, the 
engine performs 25 joules of external work. 
From the principle of conservation of energy 
we deduce that the internal energy of the engine 
must have increased by 50 joules. In general, 
a system with an initial internal energy E, that 
gains energy E, and loses energy E,, will have 
a final internal energy 
E, =E, 4 E,— E, (Fig. 9-3). 

Here is a clear expression of the idea of a 
balance sheet for energy in the same way that 
your bank balance is increased by deposits and 
decreased by withdrawals. 

There are many examples of this idea of the 
conservation of energy as it is transferred from 
one system to another. 

(a) The energy you gain from the food you 
eat increases your internal energy, par- 
ticularly as chemical potential energy. At 
the same time you radiate energy in the 
form of heat, and give up further energy 
in muscular activity. These are losses of 
energy that decrease your internal energy. 
A. food mixer is supplied with electrical 
energy. Its internal energy is increased 
by the amount supplied, and decreased 
by the amount transferred to the food in 
the mixing bowl. The fact that the mixer 
becomes warm during its operation indi- 
cates that there has been a net increase 
in its internal energy. 

It should be apparent that the principle 
of energy conservation was implied in the 
treatment of heat exchanges in a calori- 


(b) 


(c) 


THE CONSERVATION OF ENERGY 


75 joules of energy as fuel and does 25 joules of external 
work, then its final internal energy will be 150 joules. 


meter. In the experiment to find the heat 
of vaporization of water there is no way to 
measure the amount of heat energy ex- 
changed between the calorimeter and its 
surroundings. To improve the accuracy 
of the determination, the water in the 
calorimeter originally has a temperature 
below that of the room, and steam is 
added until the temperature of the water 
rises an equal amount above room tem- 
perature. By this means, the net exchange 
of energy with the surroundings is kept 
to a minimum. 

During the flight of a projectile through 
the atmosphere, the frictional resistance 
of the air is a force directly opposed to 
the motion. For that reason, mechanical 
energy is continually being transferred to 
the air molecules producing energy in the 
form of heat and sound. In 1918 Ger- 


(d) 


man artillery fired on Paris from a dis- 
tance of about 75 miles. They used 250- 
pound projectiles with a muzzle velocity 


Fig. 9-3. If a system has an initial internal energy E 

and first gains energy E, then loses energy E, then its 

final energy E, will be given by E, =E +E, Ej 
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Thrust 


Fig. 9-4. An aeroplane in flight has many forces acting 
upon it. Its forward motion is maintained by the thrust 
of the engine acting against the frictional drag. The lift 
to support it in the air is caused by the flow of air over 
the specially designed surfaces of the wings. 


of about 1 mile/second that reached a 
maximum height of about 28 miles. Un- 
der these conditions the shells had lost 
about half of their mechanical energy be- 
cause of air resistance during the first 15 
miles of their path. By the time they 
reached the target the shells retained only 
about one-fifth of their original kinetic 
energy. The rest had been transformed 
into heat along the path—approximately 
20 million calories! 


THE MECHANICAL EQUIVALENT OF HEAT 


Since the study of heat developed as an inde- 
pendent branch of physics it was only natural 
for units to arise that depended only on the 
quantities involved. We know that the defi- 
nition of a calorie depends on mass, change in 
temperature, and a particular material (water). 
When heat began to be recognized as a form 
of energy scientists worked to evaluate the 
conversion factor between units of heat and 
those of mechanical energy. In fact, the ex- 
perimental work of James P. Joule (1818- 
1889) in this regard contributed greatly to 
establishing conclusively that heat is a form 
of energy. 

In one form of Joule's apparatus, falling 
masses turned paddles in water within a calori- 
meter by means of a system of pulleys. Joule 
was able to make the measurements necessary 
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to calculate the amount of heat added to the 
water by friction between the water and the 
paddles, and the amount of mechanical energy 
expended. -He-investigated transformations of 
other forms of energy to heat, and in every 
instance obtained approximately the same re- 
lation between heat and energy. These results 
led him to conclude that *wherever mechanical 
force [energy] is expended, an exact equiva- 
lent of heat is always obtained." Scientists 
began to be convinced of the value of the prin- 
ciple of energy conservation by the painstaking 
measurements of Joule and others that led 
always to a consistent value for the rate of con- 
version of mechanical energy to heat. 

With heat firmly established as a form of 
energy the value of the mechanical equivalent 
of heat that had been determined by experiment 
became a conversion factor between two units 
for the same quantity. Its modern value is 


1 calorie — 4.186 joules. 


m Example 9-1: How many joules of energy 
are needed to vaporize 500 grams of water at 
100°C? 


Solution: Since the latent heat of vaporization 
of water at 100°C is 5.4 x 10? cal/g, the heat 
to vaporize 500 grams is 
E, = (5.00 x 10? g) (5.4 x 10? cal/g) 
= 2:1 x 109 cal. 
Since 1 cal — 4.2 joules 
then 2.7 x 105 cal = 2.7 x 10° x 4.2 joules 
= 1.1 x 106 joules. 

Therefore 1.1 x 109 joules of energy are 
needed to vaporize the water. 


ENERGY CONSERVATION IN THE 

FLOW OF FLUIDS 

An aeroplane is a specially shaped hollow body 
with rigid supporting surfaces, various stabi- 
lizing and control surfaces, and a means of 
propulsion (Fig. 9-4). Since its average den- 
sity is considerably greater than that of the 
air, it cannot depend on the buoyancy of the 
air for support in the way that a balloon can. 


The study of the complex motions of the air 
that provide the "lift" for an aircraft is called 
aerodynamics. Many of the problems in aero- 
dynamics have no precise solution, but a gen- 
eral grasp of the principle of aerodynamic lift 
can be obtained by the application of the prin- 
ciple of energy conservation to the flow of 
fluids. 

The flow of fluids often produces effects 
which appear paradoxical. For example, the 
motion of the water in a fast moving stream 
might be expected to cause two boats moored 
side by side in it to move apart. However, it 
is more likely for the boats to move toward 
each other. A similar effect sometimes has 
disastrous results for a person standing too 
near a passing truck or train. We often dis- 
miss the cause of these effects as suction, think- 
ing that the person has been pulled along by the 
fast-moving air. After a little thought we may 
realize that fluids cannot pull, but only push 
as a result of differences in pressure. The fol- 
lowing discussion is intended to account for 
these effects and also to provide a basis for 
understanding the source of the lift on the 
wings of aircraft. 

Consider the simple situation of the flow of 
water in an enclosed pipe. 1t is a common 
experience that partially closing the end of a 
garden hose causes the water to flow out of 
the hose with greater speed. Imagine a hose 
with the shape shown in Fig. 9-5. The speed 
of water molecules is greater where the hose 
is narrower so that equal volumes move into 
and out of the hose in the same time intervals. 


Fig. 9-5. Bernoulli’s principle, that where 
the speed of flow is greater the pressure 
is less, can be established by the ap- 
plication of conservation principles, 


di 


To conserve mass within the 
pipe the volume entering per 
unit time equals the volume 


leaving. 
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This is necessary because water is incompres- 
sible, and because mass is conserved. The 
molecules travelling with greater speed in the 
narrow portion of the hose have a greater 
kinetic energy than those in the wider portion. 
Since the kinetic energy of water molecules 
increases as they move from the wide to the 
narrow portion of the hose, the conservation 
of energy requires that energy must be sup- 
plied by some external agent. 

Water is pushed along through the hose by 
the pressure of the water supply. The water 
emerges from the narrow end of the hose into 
the lower pressure of the atmosphere. The 
difference between the pressure at the faucet 
and atmospheric pressure is a measure of the 
amount of work needed to increase the kinetic 
energy of the water. But the units of pressure 
are not the same as the units of energy, al- 
though the units of the product of pressure 
and volume are. In the MKS system the unit 
of pressure is newtons/square metre, and the 
unit of volume is cubic metres. Then the unit 
of their product is 


N 
=z X m? = Nm 
m 


S 
a unit of energy. Then the increase in the 
kinetic energy of the water is supplied by a 
pressure difference between the ends of the 
hose, the work being calculated by the product 
of pressure and volume. 
The relation between pressure and kinetic 
energy that is deduced from the principle of the 
conservation of energy is known as Bernoulli’s 


i.e. joule, 


Therefore At = Ad ft, 
and, A.U, = AUS. 
Where the cross-section area is 
smaller, the speed is greater. 
For the water in the tube: 
Initial energy = amv? + p,V. 
Finalenergy = Yam? + pV. 
Then, for conservation of energy 
Yam? + pV = 

Vamu? + PV 
or, amv? + pV = constant. 
*. if the velocity increases, the 
pressure must decrease. 
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Fig. 9-6. The change of pressure with velocity in a fluid 
may be simply demonstrated by means of the apparatus 
shown in these photographs. In the first photograph, 
with nothing flowing in the tube, there is no pressure 
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Upper surface 


100 


Pressure 
(kilonewtons per sq. metre) 


Lower surface 
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Fig. 9-7. An aeroplane wing is specialy designed to 
maintain smooth stream-line flow past the wing in such 
a way that the speed of the air past the upper surface 
of the wing is greater than that past the lower surface. 
This results in a drop of pressure over the upper surface 
of the wing and thus provides the aeroplane with the 
necessary lift to support it in the air. (Atmospheric 
pressure is assumed to be 100 kilonewtons/sq. metre.) 
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difference between different sections of the tube. 
second photograph, in which air is blowing through the 
tube from left to right, it can be seen that where the 
velocity of the air is greatest, the pressure is least. 


In the 


principle*. Consider the smooth flow of an 
incompressible fluid between two points. Any 
increase in the kinetic energy of a given volume 
of fluid from one point to the other must equal 
the product of the volume and the decrease 
in the pressure between the two points. Alter- 
natively, one might say that in a smoothly 
flowing fluid the sum of (a) the product of 
pressure and volume, and (b) the kinetic ener- 
gy of that volume of fluid, must be the same 
at every point. Then it follows that where 
the speed of a flowing fluid is greater the 
pressure is less. 

For the two boats moored in the stream the 
speed of water between them is greater than 
that on their opposite sides. So the pressure 
in the water between the boats must be less 
and they are pushed together. When a person 
stands on a railway platform as an express 
train speeds past, the air between him and the 
train is travelling faster than the air on his 
opposite side. The pressure is reduced on his 
train side and the normal pressure of the at- 
mosphere on the other side pushes him towards 
the train. The apparatus in Fig. 9-6 provides 

* Daniel Bernoulli (1700-1782), one of a family of 
famous Swiss mathematicians, derived this relation in 
1738 without reference to the general principle of energy 
conservation. He also had a glimmering of the kinetic 


theory of gases about 100 years before its general 
acceptance. 


another illustration of Bernoulli's principle. 

In the flow of air past the wing of an aircraft 
the fluid is not incompressible, and there will 
be friction between the fluid and the surface 
of the wing. These factors will influence the 
specific numerical quantities in the relation, 
but it will be generally true that where the 
speed of air flow is less, the pressure is greater. 
Conversely if the speed of air flow increases, the 
pressure decreases. In a properly designed 
aircraft wing, the speed of the air that flows 
past the upper surface of the wing is greater 
than the speed of air flow past the lower sur- 
face. 

In the simplified cross-section of a wing in 
Fig. 9-7(a), air is represented as moving past in 
smooth or stream-line flow. Before it reaches 
the wing, and after it has passed, the air has 
a speed v, relative to the wing. To maintain 
the steady flow the air must increase its speed 
to v, as it flows across the upper surface of 
the wing. Then, according to Bernoulli's prin- 
ciple, the pressure on the upper surface (where 
the speed is greater) must be less than the 
pressure on the lower surface. The difference 
between these two pressures is a measure of 
the lift by which the wing is supported.. Fig. 
9-7(b) illustrates the actual pressure variations 
to be expected along the surfaces of a wing. 


DOES A BASEBALL REALLY CURVE? 

A. great deal of argument has been generated 
over the question of the curving of a pitched 
baseball. Newsmen have produced elaborate 
photographic sequences, aeronautical engineers 
have made tests in wind tunnels, and physicists 
have made calculations. Whether or not a 
ball curves as much as it appears to the batter 
who strikes out, there is ample evidence that 
it does curve. 

Several graphs of the motion of air in the 
vicinity of a thrown ball will illustrate the 
effect as an application of Bernoulli's principle. 
A ball thrown along the path AB with a speed 
of v, as shown in Fig. 9-8(a) will produce the 
same effect in still air as a motionless ball past 
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Fig. 9-8. A baseball moving to the left in stationary air 
is equivalent to air moving to the right past a stationary 
ball. In (a) the stream-lines of air are deformed equally 
above and below the ball. In (b) a spinning ball with 
a rough surface can carry air around with it; the nearer 
the air to the spinning ball, the faster it is carried around. 
In (c), diagrams (a) and (b) are combined. The air can 
be seen to move faster above the ball than below, causing 
a decreased pressure above the ball and thus giving it 
lift. The ball thus rises as shown. 
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Fig. 9-9. Due to the relationship between mass and 
energy, the mass of a particle increases as its speed ap- 
proaches that of light. This graph shows the variation 
of the mass of electrons (the unit is the rest mass of one 
electron) with speed (the unit is the speed of light). The 
points marked on the graph were obtained experimentally. 


which air is flowing with speed v,. The stream- 
lines of the air in the vicinity of the ball are 
shown in the figure. The speed of the air will 
? increased as it passes the ball, both above 
and below. The pressure changes will be the 
same above and below, and the ball will main- 
tain a straight line path. Notice that here, as 
in Fig. 9-5, where the speed of the fluid is 
greater the stream-lines are closer together. 
For the direction of the ball to change it 
must be made to spin. If a spinning ball has 
a roughened surface, it will cause the air next 
to it to move around. Near the ball the air 
will move faster than farther away, as shown 
in Fig. 9-8(b). When air is moving past a 
spinning ball the stream-lines are modified as 
shown in Fig. 9-8(c). This diagram should 
be considered as a superposition of the pre- 
ceding two, in which the air at any point^will 
move under the action of the two influences. 
Since the stream-lines above the ball are much 
closer together than below it, the speed of the 
air above the ball is greater than below it. By 
Bernoulli’s principle, then, the pressure must 
be less above the ball than below it. For that 
reason the ball will experience a net upward 
force, causing it to move rather toward C than 
toward B. Thus if you throw a ball with back 
spin it will follow a rising path. 
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In 1905, Albert Einstein deduced the relation 
E = mc? between energy E, mass m, and c, 
the speed of light. This formula appears so 
frequently in popular science articles that it 
is worth our while to consider it here. Einstein 
has described the relation in these terms: 


"If a body takes up an amount of energy 
E,, then its inertial* mass increases by an 
amount a the inertial mass of a body is 
not a constant, but varies according to the 
change in the energy of the body. The 
inertial mass of a system of bodies can 
even be regarded as a measure of its ener- 
gy. The law of the conservation of the 
mass of a system becomes identical with 
the law of the conservation of energy, and 
is only valid provided that the system 
neither takes up nor sends out energy... 
the term mc? . . . is nothing else than the 
energy possessed by the body before it 
absorbed the energy E,.” 


What are the consequences of this idea? 


1. ENERGY CAN BE DESCRIBED IN UNITS OF 
MASS. 


The artillery shell mentioned on p. 103 was 
supplied with about 1.8 x 108 joules of kinetic 
energy. Its mass was thereby increased by 
E 
c? 

... 1.8 x 10? joules 

~ (3.0 x 108 m/sec)? 

E52:07x 105° ke. 
Or, we could say that the shell was given 
1.7 x 10—® kg of kinetic energy. In this sense, 


c? can be considered to be the conversion fac- 
tor between units of mass and units of energy. 


m= 


2. ENERGY HAS THE PROPERTIES OF MASS. 


The mass of a particle travelling at nine-tenths 
of the speed of light (0.9 c) is 2.3 times its 


* The inertial mass of an object is simply its mass as 
defined on p. 72 . Einstein developed a theory of gravi- 
tation on the basis that the gravitational mass of an object 
(as measured with a balance) is found to be equal to its 
inertial mass. 


mass when at rest. This is a true measure of 
its inertia, that is, its resistance to changes in 
its motion. The graph of Fig. 9-9 shows the 
increase in the mass of an atomic particle as 
its speed increases toward the speed of light. 


3. MATTER CAN BE TRANSFORMED INTO 
ENERGY. 
In a nuclear reactor atoms of uranium are split 
into fragments. (See nuclear fission, p. 37 1.) 
The mass of the fragments when not moving 
(their rest mass) is less than the rest mass of 
the uranium atoms. The rest mass of all the 
fragments from the complete fissioning of 
1.000 kg of uranium is 0.999 kg. At the 
instant of fission, the kinetic energy of the 
fragments is 0.001 kg, and they have speeds as 
high as 107 m/sec. Their kinetic energy is 
transferred to surrounding atoms causing a 
rise in temperature. The energy produced is 
E= mc? m 
= (0.001 kg) (3 x 105 scc )? 
= 9 x 10!5 joules. 


EXERCISES and PROBLEMS 


A 
Unless otherwise directed use g = 10 m/sec? for 
the acceleration due to gravity, and the relation 
1 calorie = 4 joules. 
1. List, in order, the various forms of energy that 
are involved in the following actions: 
(a) A box of sand, suspended by a rope from 
the branch of a tree, begins to swing when 
struck by a rifle bullet. 
(b) Water flows from a reservoir and falls 
through large pipes to drive turbines connected 
to electric generators which supply energy to 
light electric lamps. 
(c) A railway engine is driven by electric 
motors supplied by electric generators that are 
driven by oil-fueled diesel engines. 
(d) “Life on earth depends on nuclear pro- 
cesses in the sun.” 
(e) After eating a hearty meal, Bill played an 
inspiring game of basketball. 
2. An iron shot of mass 3 kg is dropped from 
the top of a tower 80 m high. The distance 
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The heat produced could be expressed as about 
twenty thousand million kilocalories! 


4, THE MASS-ENERGY OF A CLOSED SYSTEM IS 
CONSERVED. 

The above fission reaction could be written 

uranium — fission fragments + kinetic energy. 

The amount of each quantity in the reaction 

can be expressed as mass: rest masses of ura- 

nium and fission fragments, and the mass 

equivalent of the kinetic energy. Then, 
1.000 kg = 0.999 kg + 0.001 kg. 

(fragments) (kinetic energy) 

Or, each quantity could be expressed in energy 

units: 

9000 x 10% J = 8991 x 107? J + 9 x 10% J. 


(fragments) (kinetic energy) 


(uranium) 


(uranium) 
The total mass is conserved in the reaction, 
and the total energy is conserved. However, 
rest mass has not been conserved: at the end, 
there is a lot of heat, but there is 0.001 kg less 
matter in the system than there was initially. 


fallen at the end of each second is shown in the 
table: 
Time (seconds) Ow Lu2 w3w 3x 
Distance (metres) 0 5 20 45 80 
Construct a table of seven columns with one 
row for each second of time. Put time and 
distance fallen in the first two columns, and the 
following quantities in the other columns: 
(a) the height above the ground at each time, 
(b) the potential energy of the shot at each 
time, 
(c) the speed acquired by the falling shot at 
each time, 
(d) the kinetic energy of the shot at each time, 
(e) the total energy of the shot at each time. 
Is energy conserved during the fall? 
3. On the midway you can win a prize if the bell 
rings when you strike a wooden block with a 
hammer. The block is at one end of a lever, 
the other end of which drives a metal bar up a 
slide to ring the bell. 
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(a) If the sliding bar has a mass of 2.0 kilo- 
grams and the bell is 16 metres above the base 
of the apparatus, how much energy must the 
bar have just to reach the bell? 

(b) If the hammer has a mass of 10 kilograms 
with what speed must it strike the block to 
cause the bell to ring? 


4 


(a) What force (in newtons) is needed to sup- 
port a trunk of mass 150 kilograms against 
the force of gravity? 

(b) Calculate the work required to lift the 
trunk vertically 2.0 metres. 

(c) The same work can be done by sliding the 
trunk up a ramp. If the ramp is frictionless, 
5.0 metres long, what must be the applied 
force? 


5. Calculate the number of joules of energy re- 
quired to melt 1 gram of water at 0°C. (The 
latent heat of fusion of water is 80 calories per 
gram.) 


6. The height of Niagara Falls is about 50 metres. 
(a) Calculate the potential energy of 1.0 kilo- 
gram of water at the top of the Falls with 
respect to the bottom. 

(b) If this energy is converted to heat at the 
bottom of the Falls, calculate the number of 
calories of heat produced. 

(c) By how much does that amount of heat 
raise the temperature of 1000 grams of water? 


7. A crate of mass 80 kilograms is to be raised 
to a platform 1.5 metres above the ground. It is 
dragged up a rough, sloping ramp, 4.0 metres long 
by an applied force of 500 newtons. 
(a) What is the increase in the potential energy 
of the crate when it is resting on the platform? 
(b) What is the total amount of energy ex- 
pended in dragging the crate along the ramp? 
(c) How much energy appears as heat due to 
the friction on the ramp? (Express your an- 
swer in calories.) 


8. Explain how Bernoulli's principle accounts for 

the following actions: 
(a) The roof of a house is blown off in a high 
wind. 
(b) Two apples are suspended side by side by 
strings so that they are about one inch apart. 
If you blow between them they will move 
toward each other. 
(c) In an atomizer, such as a scent spray, a jet 
Of air across the top of a tube into liquid 
causes it to be drawn up the tube. 
(d) How is a golf ball struck when the golfer 
makes a slice shot, that is, curving to the right 
for a right-handed golfer? 
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(e) How must a tennis ball be hit to make it 
drop rapidly after clearing the net? 


B 


9. The bob of a pendulum has a mass of 1.0 kilo- 
gram. The bob is suspended 15 cm from the 
floor. The length of the pendulum is such that 
when the string is pulled aside through 15°, the 
bob is 20 cm above the floor. 
(a) Calculate the increase in the potential ener- 
gy of the bob as it is pulled aside. 
(b) When the pendulum is released, what is 
the maximum speed of the bob as it passes 
through its central position? 
(c) The distance the bob moves from the cen- 
tral position to one extreme is 40 cm. The 
period of the vibration (time to go from one 
extreme to the other and back again) is 2.5 
sec. Calculate the average speed of the bob 
through the course of one vibration. 
(d) What is the ratio of the maximum speed 
to the average speed? 


10. The man on the flying trapeze is standing on 
a platform 20 metres above the ground holding the 
bar of the trapeze so that its ropes are stretched 
taut horizontally. The ropes of the trapeze are 
5.0 metres long. The man's mass is 60 kg. 
(a) Calculate the man's potential energy with 
respect to the ground. 
(b) Gripping the bar the man steps off the 
platform and swings with the trapeze. When 
the ropes are vertical what is his height above 
the ground? What is his potential energy at 
this instant? What is his kinetic energy? 
(c) From the kinetic energy in (b) calculate the 
man's speed at the bottom of his swing. 
(d) The man releases his grip at this instant. 
With what kinetic energy and speed will he 
hit the ground? 
(e) If the man's mass had been different would 
the speeds calculated in this problem have 
been different? 


11. An estimate of the relation between the joule 
and the calorie can be obtained with a quantity 
of lead shot in a long cardboard tube. The tube 
is rapidly turned upside down a number of times 
and the increase in the temperature of the lead is 
measured. A tube 1.0 metre long containing 100 
grams of lead was rapidly inverted 60 times. The 
initial and final temperatures of the lead were 
20°C and 24°C. Calculate 

(a) the potential energy of the lead at the top 

of the tube, 

(b) the total energy expended, 

(c) the amount of heat added to the lead (spe- 


— 


cific heat capacity of lead = 0.03 cal/g.deg), 
(d) the approximate value for the number of 
joules in 1 calorie. Did the energy expended 
produce another effect besides the temperature 
rise of the lead? 
12. An automobile engine can operate for 15 min- 
utes on 1 gallon of gasoline. The complete oxida- 
tion of 1 gallon of gasoline produces 4.0 x 107 
calories of heat. Only 30% of that energy is 
actually employed to drive the engine. Calculate 
(a) the energy in joules that the engine actually 
produces, 
(b) the operating power of the engine in kilo- 
watts. 
13. A bullet of mass 0.010 kilogram is fired at a 
steel plate striking it with a speed of 300 m/sec. 
(a) Calculate the kinetic energy of the bullet. 
(b) If all the kinetic energy is converted to 
heat calculate the number of calories of heat 
produced. 
(c) If all the heat were applied to the bullet 
what would be its rise in temperature? (Specific 
heat capacity of lead = 0.03 cal/g.deg.) 
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14. Bernoulli’s principle can be written as 
P, — Py = 0.5 D (v? — v,?) 
for a fluid, density D, having a pressure p, where 
the speed of flow is v, and a pressure p, where 
the speed of flow is va 
(a) Calculate the difference in pressure over 
the surface of the wing of an aircraft where 
the speed of air over the upper surface is 
70 m/sec and over the lower surface, 50 m/sec. 
(The density of air ~ 1 kg/m?.) 
(b) The area of the wing is 4 m?. Calculate 
the force exerted on the wing by the air. 
(c) The force of gravity on the wing is 2500 
newtons. Calculate the net force on the wing. 


15. According to Einstein's mass-energy relation, 
the energy equivalent of 1 kilogram of matter is 
9 x 1016 joules. The explosion of 10? kg of 
TNT produces about 10!9 joules of molecular 
kinetic energy (ie., heat and blast). Calculate 
the decrease in the rest mass of the products of 
the explosion compared to the original rest mass. 
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MECHANICAL ENERGY AND 


HEAT ENERGY 


The physical quantity energy has been devel- 
oped to describe a wide range of natural events. 
In this chapter we conclude Unit I with an 
overall look at the energy of material things. 


MECHANICAL ENERGY 


Let us consider first the metal structure KLMN 
and the projectile above it, illustrated in Fig. 
10-1. If KLMN remains fixed to the surface 
of the earth, its potential and kinetic energies 
will remain zero. The projectile, however, is 
moving with speed v at a height d above the 
surface KL of the structure. Thus the kinetic 
energy of the projectile (mass m) relative to 
KLMN is 
E, = Vo mv, 
Because it is acted on by the force of gravity of 
the earth the projectile has potential energy 
relative to KLMN of 
E, = med. 

These two forms of energy of the body, ki- 
netic energy due to speed and potential energy 
due to the force of gravity, together comprise 
mechanical energy. Neglecting any effects of 
friction through the air, the mechanical energy 
of the system (the projectile and the structure 
KLMN) will remain constant until the pro- 
jectile collides with the structure at M. 

As the projectile falls towards M, its poten- 
tial energy will decrease (d decreases) and its 
kinetic energy will increase by the same 
amount, because of the conservation of energy. 
But when the projectile collides at M (assum- 
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ing there is no rebounding of the projectile or 
of KLMN), the mechanical energy is lost, or 
rather transformed into another type of energy. 


INTERNAL ENERGY 


In order to deal with this transformation, and 
to maintain the idea of the conservation of 
energy, we must look with more detail into the 
motion of the individual particles that make 
up both the projectile and KLMN. These par- 
ticles of matter are always moving relative to 
one another and they are exerting forces on 
one another. The internal energy, E, of the 
particles is the sum of the kinetic energies of 
their relative motions and the potential energies 
due to the forces of each on the others. E, is 
distinct from the mechanical energy which is 
the kinetic and potential energy of a body as 
a whole. 

The total energy of the system illustrated in 
Fig. 10-1 is thus the sum of the mechanical 
energy (E, + E,) and the internal energies of 


Dus T 


Projectile ^ — 


~ 


Fig. 10-1. When a moving object is brought to a sudden 
standstill with no rebound, its energy of motion does not 
disappear, it is merely changed into some other form of 
energy such as heat energy or sound energy. 


the projectile and KLMN. After the collision 
without rebound the mechanical energy is com- 
pletely transformed into additional internal 
energy, so that the total energy is still the same 
but is now entirely internal energy. We can 
guess from the discussion in Chapter 9 that 
the temperatures of the projectile and KLMN 
will rise during the collision; the internal energy 
also increases, and therefore we should look 
for a connection between heat and internal 
energy. 


THE KINETIC INTERPRETATION 
OF TEMPERATURE é 


We saw in Chapter | that there is a direct vari- 
ation between the square of the speed of mo- 
lecular motion and the temperature on the 
Kelvin scale. We have also seen that the ex- 
pression for kinetic energy contains the square 
of the speed. The connection between kinetic 
energy and temperature was established by the 
kinetic theory of gases (about 1865) which 
defined the temperature of a gas as a quantity 
that varies directly as the average kinetic ener- 
gy of random motion of the molecules of the 
gas. Gas molecules with the same kinetic 
energy thus have the same temperature. 

To raise the temperature of a gas the aver- 
age kinetic energy of its molecules has to be 
increased, and very often this extra energy is 
supplied by collisions with other molecules 
which have a higher average kinetic energy. 
Kinetic energy is transferred during the col- 
lisions and the amount of energy so exchanged 
is identified as the amount of heat transferred 
from one quantity of gas to the other. 


POTENTIAL ENERGY AND CHANGE OF STATE 


Solids and liquids can be considered to be col- 
lections of molecules that are entangled in 
forces of attraction exerted by their neighbours. 
In solids the entanglement is almost rigid, while 
molecules of a liquid can move around one 
another. The forces of attraction between the 
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Sea 
Level 


(a) (b) 
Fig. 10-2. When an object is above a reference plane 
it may have positive potential energy. When it is below 
the reference plane, its potential energy may be negative. 


molecules, which are electrical in origin, give 
rise to a potential energy in the same manner 
as do gravitational forces of attraction. Before 
a change of state from solid to liquid or liquid 
to vapour can occur, the forces of attraction 
must be overcome, and correspondingly the 
potential energy must change. 

It is convenient to call the potential energy 
of molecules zero when they are very far apart. 
This is just the same kind of arbitrary decision 
that is normally made with respect to the po- 
tential energy of objects in the earth’s gravita- 
tional field—we measure heights from the 
earth’s surface (or more accurately, from mean 
sea level) and so an object at sea level has zero 
potential energy. If an object is raised above 
the surface of the earth as shown in Fig. 
10-2(a), its height and therefore its potential 
energy mgd increases, or becomes positive. If 
it falls down a well under the influence of the 
gravitational attractive forces, its height will 
become negative with respect to sea level, as 
in Fig. 10-2(b), and therefore its potential 
energy will also be negative. Notice that its 
kinetic energy will be increasing as it falls down 
the hole, and in fact the sum of the (positive) 
kinetic energy and the (negative) potential 
energy will always be just equal to the origi- 
nally zero mechanical energy. To carry this 
idea just a little farther, if one starts with a 
bucket at the bottom of a well, the original 
state is one of zero kinetic energy and negative 
potential energy. It is well known that to 
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These Ontario Hydro generating stations on the 
Niagara River transform the kinetic energy of 
falling water into electrical energy for transmission 
throughout Ontario. Although it is not easy to 
store electrical energy, potential energy can be 
stored by pumping water into the reservoir 

above the generating stations. 


INTRODUCTION: 
THE HISTORY 
OF STATIC 
ELECTRICITY 


^J 


ELECTRICITY 


Several electrical effects in nature have been known since ancient 
times. Even primitive men knew and feared the lightning 
from the clouds that could produce disastrous fires. Natural- 
ists of Greece and Rome were familiar with the sometimes 
fatal stunning effects of the torpedo fish. The ability of rubbed 
amber to attract chaff and light straws was called the amber 
effect by Greek philosophers. The common electrical nature 
of the three effects was recognized only in comparatively recent 
times. Yet one of them, the amber effect, was used in the 
investigations that founded the scientific study of electricity. 
In 1600 a book was published in England that did much 
to lay the foundations for the scientific study of electricity. 
On the Magnet is a record of the experiments and theories of 
William Gilbert (1544-1603), physician to Queen Elizabeth I. 
He took great pains to dispel errors, to remove magnetism and 
electricity from the realm of magic, and to draw a clear dis- 
tinction between the attraction of rubbed amber and that of a 
magnet. Before Gilbert’s time only amber and one or two 
other substances were known to be able to attract light straws 
after having been rubbed with cloth. He was able to extend 
the list greatly, demonstrating the effect for many precious 
gems and for materials hardened from resins. From the Greek 
word elektron, meaning amber, Gilbert coined the term electric 
to describe materials that by rubbing could be made to attract 
things. He also showed that all light objects could be attracted 
by electrics that had been rubbed, “not straws and chaff only, 
but all metals, woods, leaves, stones, earth, even water and oil.” 
Gilbert investigated the claim that heat produced by friction 
was the source of electrical attraction, and found there to be 
no truth in it: “Amber truly does not allure by heat, since 
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if warmed by fire and brought near straws, it 
does not attract them, whether it be tepid, or 
hot, or glowing, or even when forced into the 
flame." With some materials he was not able 
to produce the electric effect, and he estab- 
lished a class of "non-electrics" which included 
metals. 

Despite his considerable experience with 
electric effects, Gilbert seems never to have 
recognized electrostatic repulsion. In 1629 
Niccolo Cabeo (1585-1650) reported having 
noticed that after a light object touched an 
electrified object to which it had been attracted, 
it would bound away again. In fact, he thought 
of it more as a rebound than as a true repulsion. 

Gilbert's distinction between electrics and 
non-electrics began to falter as a result of the 
work of Stephen Gray (1666-1736). Gray’s 
original discovery, in 1729, occurred when he 
rubbed a glass tube and noticed that a cork in 
the end of the tube could attract a feather. He 
concluded that there was "an attractive virtue 
communicated to the cork by the excited tube." 
Gray continued his experiments until he was 
able to conduct electricity more than 600 feet 
along a damp cord suspended by silk threads. 
When he suspended the cord by brass wires, 
Gray found that the electricity was conducted 
away from the cord by the wire closest to the 
object originally electrified. He was also able 
to electrify metal objects and a boy, suspended 
by silk cords. 

In France, Charles Dufay (1698-1739) re- 
peated Gray's experiments with conductors and 
used a glass insulating stand for objects he 
wished to electrify. He concluded that all 
materials could be electrified, and that the 
proper distinction to make was between con- 
ductors and insulators. Gilbert’s non-electrics 
were conductors which, when held in the hand, 
lost their electricity as soon as it was produced. 

After clearly recognizing electrical repulsion, 
Dufay formed the generalization that an elec- 
trified (or charged) object attracts an un- 
charged one, but repels other charged objects. 
He was understandably surprised to discover 
a force of attraction between some pairs of 
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objects that were both charged. After many 
tests Dufay concluded that charged objects 
were of two types, which he named resinous 
and vitreous. His theory to account for the 
effects he had observed contained the following 
ideas: there are two distinct kinds of electricity; 
two objects charged with the same kind of 
electricity will repel each other; an object 
charged with vitreous electricity will attract 
one charged with resinous electricity. 

Dufay's report, published in England in 
1734, included his study of the effects of elec- 
tricity after being conducted to an uncharged 
object: 

I have likewise observed that conducted elec- 
tricity retains its original property. For if a 
ball of ivory or of wood set on a glass stand 
be rendered electrical by conduction from 
a rubbed glass tube, it will repel all such 
rubbed substances as the tube repels; but if 
the ball be rendered electrical by touching it 
to a rubbed cylinder of gum lac, it will pro- 
duce quite contrary effects, namely, precisely 
the same as rubbed gum lac would produce. 
To succeed in these experiments, it is requi- 
site that the two bodies under test be rendered 
as electrical as possible; for if one of them 
were not at all, or but weakly, electrified, it 
would be attracted by the other, even though 
it be of the sort that if well rubbed should 
naturally be repelled by it. The experiment 
will always succeed perfectly well if both 
bodies are sufficiently electrified. 

Dufay's theory implied that the charged ma- 
terial was the source of a particular kind of 
electricity; even his choice of names seemed 
to encourage the notion. But it is not valid, 
since it is possible to produce either kind of 
charge on a glass rod, depending on the ma- 
terial rubbed on it. In 1746 William Watson 
(1715-1787), an English experimenter, re- 
ported his conviction that electric charge was 
not created, but rather transferred from one 
object to another. He proposed that an elec- 
tric (glass or ebonite) rod has the ability to 
take electricity from another object. This would 
make the electricity *more rare" in one object 
and "more dense" in the other. 

Watson's work was extended in America by 
Benjamin Franklin (1706-1790), journalist, 


diplomat, and scientist. During the years 
1747-1752 Franklin wrote a series of letters to 
London describing his experiments and con- 
clusions, He estimated the magnitude of clec- 
tric charge by the length of the spark it pro- 
duced, rather than by the strength of forces as 
Dufay had done. Franklin spoke of electricity 
as "particles of electric fire," and presumed 
that an uncharged object contained a "normal" 
quantity of it. For him, charging an object 
had the effect either of increasing or decreasing 
the quantity of electricity in the object. He 
found that if a man rubbed his hand along a 
glass tube both the man and the tube became 
charged. The spark between these two was 
longer than that from either of them to an un- 
charged object. Franklin concluded that the 
tube had drawn electricity from the hand 
rubbed on it, giving the tube a plus charge and 
leaving the man with an equal minus charge. 

The work of Watson and Franklin carried 
an important implication: they assumed that 
there existed a fixed total amount of electric 
charge in all objects. By contrast, previous 
theories seemed to imply that charge was cre- 
ated by rubbing, and destroyed by contact. 
The principle of the conservation of electric 
charge lies at the foundation of all work in 
electricity: 

Whenever a certain quantity of positive charge 
appears an equal quantity of negative charge 
also appears. 

Franklin's theory can be described as a one- 
fluid theory in contrast to the two-fluid theory 
of Dufay. Whereas Dufay had attached the 
label vitreous to a glass rod that had been 
rubbed with silk, Franklin said that it was 
positive, having a surplus of electricity. What 
is positive and what is negative is still deter- 
mined by this arbitrary choice of Franklin's. 
However, his theory seemed to be inadequate 
to account for the repulsion between two ob- 
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jects that both had a deficit of electricity, (The 
repulsion between two objects having a surplus 
of electricity was explained by proposing that 
the particles of electric fire repelled one an- 
other.) The deficiency in Franklin's theory 
was rectified in 1759 by a German scientist, 
Franz Aepinus (1724-1802), He proposed 
that the particles of “ordinary matter" were able 
to repel one another, and to attract the particles 
of electricity, 

In present-day physics, the particles of ordi- 
nary matter are identified as ions, carrying a 
positive charge. The light mobile charged 
particles are electrons, which are negative. 
Thus we have a combination of the onc-fluid 
and two-fluid theories: there are two kinds of 
charged particle (as Dufay would have it), but 
in metallic solids, only one kind can move 
(Franklin's electric fire). However, the charges 
that move in metals are the negative electrons, 
not the positive particles as Franklin thought. 
A neutral object consists of equal quantities of 
positive and negative electricity. To charge it 
negatively requires the addition of electrons; 
to charge it positively requires the removal of 
electrons. It should be noted that the modifi- 
cations that have been made since the cigh- 
teenth century involve effects quite unknown 
to Franklin. Nothing in the Franklin-Acpinus 
theory is contrary to observations that can be 
made in electrostatics. 

“Beginning as a study of eccentric curiosities, 
electricity has become a central discipline of 
physics vying with mechanics for first place.” 

—Hendrik B. G. Casimir, 1962. 


PAPERBACK BOOKS 
for Supplementary Reading on This Unit 
(Average cost approximately $1.00) 
Electronics for Everyone, by M. Upton. Signet, 
KD. 351 (New American Library) 
Magnets, by F. Bitter. Science Study Series, S. 2 
(Doubleday) 
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ELECTRIC CHARGE AND 
THE STRUCTURE OF MATTER 


We can now develop further ideas based on 
early studies in electrostatics. There are two 
varieties of electric charge, positive and nega- 
tive. As illustrated in Fig. 11-1, like charges 
repel one another and unlike charges attract 
one another. A positively charged object is 
described as possessing a deficit of electrons; 
a negatively charged object possesses a surplus 
of electrons. What extension of the notion of 
the particle structure of matter must be made 
to account for the effects of static electricity? 
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ELECTRICAL STRUCTURE OF MATTER 

We begin with the structure of a solid metallic 
element, aluminum for example. Complete 
atoms of aluminum would be expected to be 
electrically neutral. So a single atom must 
consist of equal quantities of positive and nega- 
tive electricity. As shown in Fig. 11-2 the 
positive electricity, consisting of protons, is lo- 
cated in the atom's nucleus. Each proton has 
a quantity of charge, symbolized as +e, equal 
in magnitude to the charge of each electron, 
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e. The electrons are arranged in groups or 
hells surrounding the nucleus. To be neutral, 
n atom must consist of equal numbers of 

protons and electrons. (The structure of atoms 
is discussed further in Unit IV.) 

In the solid state the atoms of aluminum 
are packed closely together a$ illustrated in 
Fig. 11-3. The atoms are so close together that 
the outermost electron of each atom is almost 
as near to the nucleus of a neighbouring atom 
as it is to its own nucleus. The electron can 
be readily detached from its own atom (Fig. 
11-4) to move about in the space between the 
atoms. Each atom contributes an electron 
to a pool of electrons shared by many atoms. 
Since the structure that remains lacks one elec- 
tron, its charge is +e: it is called a positive ion. 

The structure of a metal is a regular arrange- 
ment of positive ions surrounded by a sea of 
electrons, as shown in Fig. 11-5. If a piece of 
metal consists of N atoms, it has a charge of 
4+ Ne on its ions, and — Ne on the free electrons. 
Its net charge is zero. The ions constitute the 
substance of the metal. They retain relatively 
fixed positions, having only a small vibration 
that depends on the temperature. Since the 
mass of an electron is only about one hundred 
thousandth of the mass of an ion, electrons are 
much more easily moved than are ions. In 
fact, the motion of the free electrons in a metal 
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Fig. 11-5. Solid aluminum consists of a regulor fixed or- 
rongement of solid ions surrounded by a sea of electrons 
which ore comparatively free to move about. 
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Fig. 11-6. The electrons of the atoms in fur are less 
closely bound to their atoms than are the electrons of 
the atoms in ebonite. When ebonite and fur are brought 
into close contact there is therefore a transfer of some 
electrons from the fur to the ebonite. This makes the fur 
positive and the ebonite negative. 


accounts for about 90% of the metal's heat 
conductivity, and changes in the charge of a 
metal depend only on the motions of the free 
electrons. 

There are no free-wheeling electrons in an 
insulating material such as rubber. A mole- 
cule of rubber is composed of combinations of 
atoms held together by electrical forces that 
consist of sharing pairs of electrons between 
adjacent atoms. When they are shared, the 
electron pairs are held tightly to the atoms 
which they virtually glue together. The mole- 
cules of different materials hold their electrons 
with forces of strengths that depend on the 


molecular structure. Electrons are bound more 
tightly to the atoms in an ebonite (hard rubber) 
rod than those in fur. Thus, when fur is 
brought into contact with an ebonite rod by 
being wrapped tightly around it, a small pro- 
portion of surface electrons will be pulled from 
the fur to the ebonite as shown in Fig. 11-6. 
With a surplus of electrons the ebonite becomes 
negatively charged, and the fur assumes an 
equal positive charge as a result of its deficit 
of electrons. 


ELECTROSTATIC INDUCTION 

An ebonite rod that has been rubbed with fur 
bears a negative charge. If it is now brought 
close to a metal cylinder (but not touching) it 
will exert a force of repulsion on the free elec- 
trons in the metal as shown in Fig. 11-7(a). 
The number of electrons repelled varies direct- 
ly as the charge on the rod. In drawing dia- 
grams it is convenient to indicate only the 
charges that represent surpluses or deficits of 
electrons, and in Fig. 11-7(b) the metal cylin- 
der, under the influence of the negative ebonite 
rod, is shown with a surplus of electrons on the 
right side and a deficit of electrons on the left 
side. The plus signs can be thought of as 
unaccompanied positive ions. The effect of a 
positive rod on the free electrons of a metal 
cylinder is shown in Fig. 11-8. 

The effect of shifting the distribution of elec- 
trons in a material by electrical forces is known 
as electrostatic induction. In a metal, induc- 
tion can be thought of as an actual transfer of 
electrons from one region of the conductor to 


Fig. 11-7. When a negatively charged rod is brought 
near an uncharged conductor, the free electrons in the 
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uncharged conductor will be repelled to the end of the 
conductor away from the negatively charged rod. 
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Fig. 11-8. When a positively charged rod is brought near 
an uncharged conductor, the free electrons in the un- 
charged conductor will be attracted towards the rod. 


another, But in an insulating material, induc- 
tion is possible without such a transfer. The 
effect is shown in Fig. 11-9 for a single atom 
and for a section of an insulator. In the atom, 
the influence of the positive rod causes a re- 
distribution of the electrons in the charge cloud 
about the nucleus. In the molecular structure, 
the electrons that bind the atoms together are 
shown as being displaced slightly towards the 
rod. 

Because of the effects of induction, both for 
conductors and insulators, it is not necessary 
to include in a list of electrical forces the item: 
“A charged object attracts uncharged objects.” 
The result of the shift of electrons by induction 
means that the attraction can be described in 
terms of the rules for forces between charged 
objects. In Fig. 11-9, negative charges are dis- 
placed towards the charged rod. Then the force 


Fig. 11-9. In (a) a positively 
charged rod causes redistri- 
bution of the electrons in a 
neutral atom. In «a non- 
conducting molecular struc- 
ture like that shown in (b), 
the electrons are not com- 
pletely free to move around, 
but the proximity of the 
positively charged rod will 
cause a slight redistribution 
of their arrangement. 


of attraction between unlike charges is just a 
little greater than the force of repulsion between 
like charges, since the positive charges are now 
on an average slightly farther from the rod 
than are the negative charges. As shown in 
Fig. 11-10, a pith ball is attracted to the 
charged rod, even though its net charge re- 
mains zero. After contact and transfer of elec- 
trons, the ball is repelled. 

What evidence can be found to justify this 
description of the structure of materials and 
the effect of a charged rod on the free electrons 
of a conductor? Imagine that the single con- 
ductor of Fig. 11-7 is replaced by two con- 
ductors in contact. While the negative rod is 
nearby (Fig. 11-11), the two conductors are 
separated. If the theory of our diagrams is 
valid the left hand conductor should repel a 
positive pith ball, and the right hand conductor 
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Fig. 11-10. When a charged rod is brought near to an 
uncharged pith ball, there is a sequence of (a) induction, 


should repel a negative pith ball. When each 
conductor is separated from other objects the 
free electrons are spread out evenly over the 
surface, as shown in Fig. 11-11(d). The con- 
ductors have been given permanent induced 
charges. 

A single conductor can be charged either 
positively or negatively by induction if a second 


Fig. 11-11. When two conductors in contact are separated 
while a charged rod is nearby, the conductors will retain 
equal opposite charges. 
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(b) attraction, (c) contact, (d) transfer of electrons and 
(e) repulsion. 


conductor is available for charge transfer. The 
human body is a sufficiently good conductor 
for this purpose. The sequence of steps in 
charging by induction is shown in Fig. 11-12. 
The symbol to the right in diagram (b) repre- 
sents "ground," considering the earth as the 
second conductor, though any reasonably large 
conductor would be satisfactory. Electrons are 


(d) 
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EXPERIMENT Il-1 


Induced Electric Charges 


1. The theory of the electrical structure of con- 
ductors leads to certain conclusions about 
the production of induced electric charges. 
In particular, we have deduced the sign to 
expect for each induced charge. Our con- 
clusions should be subjected to experimental 
test. 


Suspended by a thread, a light metallized 
ball or a small piece of metal foil can be 
used to test charges. If two of these test 
objects are available, one can be charged 
by contact and the other left uncharged. 
Probably the most predictable standard of 
electric charge is the ebonite rod, which, 
when rubbed with fur or wool, bears a 
negative charge. If you are doubtful about 
the sign of all the charged objects available, 
assuming one of them to be negative and 
testing the others against it will lead to con- 
sistent results. If it is in fact positive all 
your conclusions about the signs of charges 
will be simply the reverse of what they 
should be. 

Bring two smooth conductors (metal rods 
or metallized spheres) close to the uncharged 
test object to be sure that they are not 
charged. If the conductors are charged, 
ground them or touch them to remove any 
charge. Charge a rod of ebonite (or other 
material) and touch it to one of the light 
test objects so that the test object is repelled 
by the rod. 

Arrange the conductors on separate insu- 
lating stands so that they are in contact. 
Then hold the charged rod close to one end 


attracted from the ground to supply the deficit 
of electrons at the right hand end of the con- 
ductor. With the removal of the ground in (c) 
the electrons are unable to leave the conductor, 
and it retains a net negative charge. 

There are three methods by which a metal 
cylinder can be given a permanent electric 
charge. First, fur or cloth rubbed over the 
surface of the metal will permit a transfer of 
electrons between the cloth and the metal. 


of one of the conductors, though not close 
enough to touch nor to permit a spark to 
jump. Holding the rod in that position 
separate the two conductors. Remove the 
rod. Handling only the insulating stands, 
bring each of the conductors in turn near 
to the test objects. Which conductor has 
the same sign as the charged rod? What 
is the sign of the charge on the other con- 
ductor? 


Touch the conductors to each other and test 
for charge by bringing them close to the 
uncharged test object. What can you con- 
clude about the magnitudes of the two 
induced charges? 


Step 4 can be repeated using only one con- 
ductor, with your hand serving for the sec- 
ond one. Touch the conductor while the 
charged rod is held nearby, and remove first 
your hand and then the rod. Test the 
charge of the conductor. How does it 
compare with the charge on the rod? 


An electroscope consisting of a metal leaf 
or vane suspended from a metal bar can 
be used to test electrostatic charges. When 
a charged rod is brought near to the top of 
the metal bar, like charges are induced on 
the bar and vane, causing the vane to be 
repelled. A charge can be placed on the 
metal bar by induction. Describe the mo- 
tion of the vane of a charged electroscope 
when an oppositely charged rod approaches 
the bar. Describe the effect of the approach 
of a rod bearing a like charge. Repeat 
the induction experiments with conductors 
using the electroscope for testing the in- 
duced charges. 


Usually a metal will attract electrons from fur, 
giving the metal a negative charge. This 
method is often called charging by friction, but 
the rubbing is not the source of the energy. 
Rather, the energy to move the electrons results 
from the difference in the forces of attraction 
of the two materials for electrons. This method 
might more properly be called charging by 
separation. A second method is to touch the 
metal cylinder with a charged object. If good 
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(a) 


(c) 


contact is made between the metal and a posi- 
tively charged rod, electrons will move from 
the metal cylinder to the rod to supply some 
of the deficit of electrons in the rod. The cylin- 
der is then left with a deficit of electrons, mak- 
ing it positively charged. This method is called 
charging by conduction or contact. The third 
method is charging by induction. A negatively 
charged rod, held one or two centimetres from 
the metal cylinder can repel electrons from the 
cylinder into a person touching it. When the 
hand is removed, the cylinder, having a deficit 
of electrons, is positively charged. Thus the 
three methods for charging a conductor are by 
separation, by conduction, and by induction. 

In every instance the charge is produced by 


Fig. 11-13. The vectors in (a) represent the magnitude 
and direction of the gravitational field of the earth, The 
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Fig. 11-12. The induction 
charging of a conductor by 
grounding is done by (a) 
bringing a charged rod near 
the conductor, (b) ground- 
ing the conductor moment- 
arily, and (c) removing the 
charged rod from the vi- 
cinity of the conductor. The 
conductor will then be 
charged. 


(d) 


the transfer of electrons, or, one might say, by 
the separation of charged particles. Through- 
out, the principle of the conservation of clec- 
tric charge applies: 

The sum of the positive and negative electric 
charge in an isolated system remains constant. 
That is, a positive electric charge cannot be 
produced or lost within a closed system unless 
the same thing also happens to an equal quan- 
tity of negative charge. 


ELECTRIC FIELDS 


Any object in the vicinity of the earth experi- 
ences a force of attraction to the earth. The 
strength of the force depends on the object's 


electric field of a positively charged sphere is represented 
in a similar way in (b). 


ELECTRIC CHARGE AND THE STRUCTURE OF MATTER 


Fig. 11-14. Idealized field line maps can be drawn of the 
space around charged objects. Arrows on the imaginary 
test charges indicate the magnitude and direction of the 


distance from the earth as described in New- 
ton's principle of universal gravitation. The 
force that an object would experience at vari- 
ous locations is illustrated in Fig. 11-13(a). 
In the same way the force of repulsion that a 
small positively charged object would experi- 
ence at various locations around a positively 
charged sphere is shown in Fig. 11-13(b).* 


electric field at those points. The dotted lines show the 
subsequent paths that the test charges would tend to 
follow. 


The similarity of the diagrams for gravita- 
tional and electrical forces is based on the 
fact that the electric force between charged 
particles varies inversely as the square of the 
distance between them. This relation, which 


* Note that Fig. 11-13(a) also illustrates the force of 
attraction of a positively charged sphere on a small nega- 
tively charged object, or of a negatively charged sphere 
on a small positively charged object. v 
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is like the one for gravitation, was discovered 
by Charles Coulomb in 1785. It is part of the 
law for the forces between electric charges, 
known as Coulomb's law. 

The force that a charged sphere can exert 
on objects in the space surrounding it is de- 
scribed by means of an electric field. The 
electric field of a charged object represents the 
strength and direction of the force that the 
object can exert on electric charges in the 
space around it. The field can be mapped by 
electric field lines that indicate the direction 
in which a small test charge would move under 
the action of the electric force at each point. 
In Fig. 11-13 field lines could be drawn as con- 
tinuous radial lines to coincide with the force 
vectors. The shape of the field lines of an 
electric field can be found experimentally. 
Electric charges are led by wires to conductors 
at the surface of an insulating liquid. Grass 
seeds on the surface of the liquid are aligned 
by the action of the electric forces on them. 
The lines formed by the seeds map the electric 
field in the area around the conductors. The 
diagrams in Fig. 11-14 provide an idealized 
picture of the electric field lines. Tiny test 
charges are shown to indicate the direction that 
positive or negative charges would move under 
the action of the forces. The length of a force 
vector indicates the strength of the force at 
the location of the test charge. The field lines 
themselves indicate the strength of the field 
at any point, in that where the field is stronger 
the field lines are closer together. 

The (d) part of Fig. 11-14 shows that a 
uniform electric field can be produced between 
parallel metal plates. As long as the dimen- 
sions of the plates are greater than the distance 
between them, a test charge will experience 
the same force throughout the space between 
the plates. As the negative charge moves up, 
the force of repulsion of the lower plate de- 
creases at just the same rate that the force of 
attraction of the upper plate increases. The 
uniform electric field between parallel charged 
plates is used in the apparatus described in the 
following section. 
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The electrical units normally used in industrial 
practice are part of the MKS system of units, 
related to the mechanical units by a force law 
between electric currents. The unit of electric 
charge in this system is the coulomb (abbrevi- 
ated, C). The definition of the coulomb rests 
upon the arbitrary choice of magnitudes for 
the metre, kilogram, and second, and a series 
of definitions and experimental laws. It would 
be useful, physicists thought, if a fundamental 
unit of electric charge could be found in nature. 
Then a natural unit could be defined, in the 
same way that absolute zero (0°K) was de- 
fined as a natural starting place for tempera- 
ture, since no temperature below that is pos- 
sible. 

In the decade following 1900, experiments 
were performed that showed the existence of 
a natural unit of electric charge. The detailed 
arrangement of the apparatus used by Robert 
Millikan is described in Chapter 30. It is 
sufficient here to describe the basic principles. 
Two brass plates are placed close together, 
one above the other. They are connected to 
the terminals of a battery so that they are 


Fig. 11-15. In Millikan's oil drop experiment, he arranged 
for a minute oil drop carrying an electric charge to enter 
the electric field between two charged plates. The drop 
experienced a downward force due to gravity and an 
upward force due to the electric field. These forces could 
be balanced by adjusting the strength of the electric field. 
This enabled him to measure the charge on the drop at 
any moment and hence to determine the value of a single 
elementary electric charge. 
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oppositely charged. The plates are enclosed 
in a container to eliminate air currents. A 
fine spray of oil is blown into the apparatus, 
and some of the fine droplets of oil are allowed 
to enter the space between the plates. When 
the space is illuminated and observed with a 
telescope the droplets appear like bright stars. 
When the charge on the plates is changed the 
motion of a droplet of oil may be observed to 
change, indicating that it possesses an electric 
charge. 

Since the electric field is uniform between the 
plates, the electric force throughout the space 
between them depends only on the charge on 
the plates and the charge on the droplet. (From 
time to time the charge on a droplet changes 
because it gains or loses a charged ion of air.) 
If the electric field is suitably adjusted it is 
possible to balance the electric and gravita- 
tional forces as shown in Fig. 11-15. Measure- 
ments can then be made from which the charge 
on a droplet can be calculated. The values 
of charge calculated from a series of observa- 
tions are illustrated in the graph of Fig. 11-16. 
Each time the charge on the droplet changes, 
the charge is measured. It is evident that the 
charge always changes by a specific value 
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Fig. 11-16. In his oil drop experiment, Millikan plotted 
the observed charge measured in arbitrary units for a 
number of readings as in (a). He then altered the scale 


multiplied by a whole number. This specific 

value is the natural unit of electricity, the ele- 

mentary electric charge e. Every charge (sym- 

bol Q) can be represented by the relation 
Q - Ne 

where N is always a whole number. 

In the observations recorded in Fig. 11-16 
the charge on the droplet is 7, 8, 9, 10, 8, 12, 
9, and 10 elementary charges in turn. No 
value of electric charge smaller than e has ever 
been reliably reported. When he published 
his results in 1911, Millikan wrote: 


Electrical charge instead of being spread uni- 
formly over the charged surface has a defi- 
nite granular structure, consisting, in fact, of 
an exact number of specks, or atoms of 
electricity, all precisely alike, peppered over 
the surface of the charged body. 


The modern value of the elementary electric 
charge is e = 1.60207 x 10—!? coulombs. Then 
every proton has a charge of + 1.6 x 10-'!*? 
coulomb, and every electron has a charge of 
— 1.6 x 10-!? coulomb. The relation between 
coulombs and elementary charges can be re- 
versed: 

1 coulomb = 6.24 x 10!5 elementary charges. 


Charge (Natural units) 
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of the graph as in (b) to get whole number readings for 
the observed charges. From these, the value of the 
strength of a single charge could be simply determined. 
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m Example 11-1: A charged metal sphere has 
a deficit of 10° electrons. What is its charge? 


Solution: Since there is a deficit of electrons, 
there is a surplus of positive elementary charges. 
The total charge equals the number of charges 
multiplied by the elementary charge, or 

Q = Ne 
Number of charges, N = 10° 
Elementary charge, e = +1.6 x 10-1 coulomb 
.. total charge, Q = (10°)(1.6 x 10-1? 

coulomb) 
= 1.6 x 10-!° coulomb. 


That is, the sphere has a total charge of 
1.6 x 10-1? coulomb. 


EXERCISES and PROBL 


Throughout this set of exercises the standard of 
electric charge is that an ebonite rod rubbed with 
fur or wool bears a negative charge. 


A 


1. Describe what you would observe in the fol- 
lowing situations: 


m Example 11-2: An electroscope has a 
charge of —3.0 x 10-1? coulombs. What sur- 
plus or deficit of electrons does the electroscope 
have? 
Solution: 
Total charge, Q = — 3.0 x 107? coulomb 
Elementary charge, 
e= + 1.6 x 10-7? coulomb 
.'. number of charges, 
NS 
€ 
— 3.0 x 10-?? coulomb 
= X 1.6 x 10-!? coulomb 
=— 19x10 
*. there is a deficit of 1.9 x 10* elementary 
charges. 
.'. the electroscope has a surplus of 1.9 x 10* 
electrons. 


(b) a small metal ball on an insulating stand 
that has been contacted by an ebonite rod 
rubbed with fur, 

(c) a glass rod that has been rubbed with silk, 
(d) a small metal ball on an insulating stand 
that has been contacted by a glass rod rubbed 


(a) An ebonite rod that has been rubbed with 
fur is brought near to a light suspended metal- 
lized ball. 
(b) A second light metallized ball is treated 
like the one in (a). The two balls are then 
brought close together after the rod has been 
removed. 
(c) A glass rod that has been rubbed with silk 
is found to attract the ball from (a) more 
strongly than it did before it was rubbed. The 
tubbed glass rod is then brought near to a 
neutral suspended metallized ball. 
(d) The ball from (c) is brought near to the 
ball from (a). 
(e) A small, smooth metal bar is held in the 
hand, rubbed vigorously with fur, and brought 
near to a neutral suspended metallized ball. 
(f) The operation of (e) is repeated with the 
metal bar attached to an ebonite handle. The 
hand touches only the ebonite. 

. State the sign of the charge on: 
(a) an ebonite rod that has been rubbed with 
fur or wool, 
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with silk. 
3. Describe the charges in each part of Question 
2 as either a surplus or deficit of electrons. 
4. What net charge would result from combin- 
ing: 
(a) 3 units of positive electricity (+3 units) 
with 3 units of negative electricity (—3 units)? 
(b) --7 units of electricity with —5 units of 
electricity? 
(c) +9 units of electricity with —13 units of 
electricity? 
5. What is the net charge when 
(a) —5 units of electricity are added to a 
neutral object? 
(b) —7 units of electricity are removed from 
a neutral object? 
6. Draw a series of diagrams (similar to Fig. 
11-10) to show the effects of bringing a negatively 
charged rod towards a light suspended metallic 
ball. Indicate the distribution of charge on each 
object in each diagram. 
7. Draw a series of diagrams (similar to Fig. 
11-11) to show the charges produced on two con- 
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ductors that are separated while a positively 
charged rod is held near one of them. 

8. Draw a series of diagrams (similar to Fig. 
11-12) to show the charging of a conductor by 
induction using a negatively charged rod. 

9. How could a neutral insulated metal con- 
ductor be charged negatively using (a) a negatively 
charged rod, (b) a positively charged rod? 

10. Make a brief summary of the relation be- 
tween the sign of an object being charged to the 
sign of an object charging it by (a) conduction 
and (b) induction. 


B 
The elementary electric charge is e = 1.6 x 10-19 
coulomb. The charge on one electron is —e. 
11. What is the charge on a metal sphere which 
has a surplus of 10!9 electrons? 
12. What is the charge on a metal sphere which 
has a deficit of 1012 electrons? 
13. Given that 1 coulomb = 6.24 x 1018 ele- 
mentary electric charges, calculate the number of 
elementary electric charges in a charge of (a) 50 
coulombs, (b) 10-9 coulombs. 


[9 

14. A large man, unable to enter the door of a 
bakery, wishes to discover the elementary charge 
for doughnuts (that is, the cost per doughnut). 
As each buyer of doughnuts leaves the bakery the 
man asks how much he paid for his doughnuts. 
The first three answers are 28 cents, 42 cents, 
and 63 cents. 


(a) What is the likely number of doughnuts 
bought by each customer, and the cost per 
doughnut? 

(b) Give three further examples of the value 
of doughnut purchases that would conform to 
your answer to part (a). 

(c) If the cost of one doughnut happened to 
be half of your answer to (a), what is one 
example of a value of a doughnut purchase 
that would be required to indicate that fact 
to you? 


15. In his oil drop experiment, Millikan was too 
big to be able to see the charges on the drops, so 
he could ask only the value of the total charge on 
each drop. In a system of units other than 
coulombs Millikan obtained the following values 
for the charges on an oil drop: 44.4, 39.4, 24.6, 
29.6 units. Assuming that the experimental errors 
in his measurements were less than 0.5 per cent, 
determine the number of charges and the value of 
the elementary charge from the data. 


16. Another example of the idea of Millikan’s 
measurements involves weighing five identical 
boxes containing different numbers of identical 
balls. The weights of the balls (after the weight 
of the box has been subtracted) are found to be: 
8.17 Ib, 7.30 Ib, 2.71 Ib, 5.44 Ib, 3.63 Ib. What 
is the best value for the weight of one ball? 


17. What is the best value for the elementary 
electric charge from the following measurements 
of charge on oil drops: 4.81 x 10—!? coulomb, 
3.20 x 10—19 coulomb, 8.01 x 10-19 coulomb? 
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MOVING ELECTRIC CHARGES 


The many familiar uses of electricity—in light- 
ing and heating, and in driving motors—depend 
on a continuing motion of electric charge 
through conductors. For a preliminary dis- 
cussion of current electricity, consider a flash- 
light or electric torch (Fig. 12-1). The elec- 
tric lamp consists of a small coil of fine wire 
(the filament) enclosed in an evacuated glass 
bulb. One end of the filament makes contact 
with the central terminal of a dry cell. The 
other end of the filament is connected by a 
conductor through a switch to the metal bottom 
of the dry cell (its second terminal). When 
the switch is closed there is a complete metal- 
lic circuit between the terminals of the dry 
cell and the lamp glows. How can the elec- 
trical actions be described? 

Whenever we see a flashlight glow or hear 
a radio blare, we can say, “The current is on,” 
or, "There is a current in the wires." Behind 
the wide range of electrical effects we visualize 
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Lamp 


Switch 


The essential parts of a flashlight are a dry 


Fig. 12-1. 
cell, a bulb and a switch. The casing of the flashlight 
completes the circuit as well as holding the ports. 
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a single activity: the dry cell supplies kinetic 
energy to electrons in the conductor, urging 
them to move along in a regular way. In the 
lamp filament the electrons collide with the 
metal ions to raise the temperature of the fila- 
ment to several thousand degrees, causing it to 
radiate light. What energy transformations 
can be used to move electrons along con- 
ductors? 


ENERGY TRANSFORMATIONS 


The kinetic energy of the regular motion of 
electrons through a circuit must be supplied at 
the expense of some other form of energy. 
In a dry cell or voltaic cell (Fig. 12-2) the 
source of energy is chemical potential energy. 
Chemical actions within a cell cause the sepa- 
ration of positive ions and electrons in such 
a way that a surplus of electrons is maintained 
on the zinc plate. The energy that maintains 
the charge separation comes from the chemical 
action. As the materials in the cell undergo 
chemical transformations, energy is supplied 
to move electrons through a complete circuit. 
A current can be maintained as long as there is 
a complete circuit, and as long as the chemical 
action in the cell can continue. Eventually 
the chemicals in the cell are changed to an 
unusable form, and the cell must be replaced. 

Dry cells and voltaic cells are called primary 
cells, in contrast to secondary cells that may 
be recharged. The chemical reactions in sec- 
ondary cells are readily reversible: those in 
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primary cells are not. Secondary, or storage, 
cells may consist of lead plates in dilute sul- 
furic acid, or nickel and either cadmium or 
iron plates in potassium hydroxide. Electrical 
energy supplied to a secondary cell produces 
a chemical reaction that can be reversed to 
produce charge separation. In a dry cell a con- 
tinuous charge separation can be maintained 
only while the cell possesses useful chemical 
potential energy. 

Other forms of energy may also be trans- 
formed into electrical energy in various de- 
vices. Charge separation between terminals 
can be maintained by the application of me- 
chanical energy to an electric generator (or 
dynamo). (The operation of generators is de- 
scribed in Chapter 18.) In recent years solar 
cells have been developed by which radiant 
energy from the sun is transformed into elec- 
trical energy. The action of the radiant energy 
is to release electrons from the bonds between 
atoms in semi-conducting materials such as 
selenium or silicon. The radiant energy is 
able to maintain a charge separation between 
the terminals of the solar cell. Semi-conducting 
materials are also being used in the develop- 
ment of thermo-electric generators in which a 
difference in temperature between two con- 
ductors is able to produce a charge separation. 


ELECTRIC CURRENT 


Electrons in any conductor always possess ki- 
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Fig. 12-2. A primary cell can 
be (a) a dry cell or (b) a 
voltaic cell. In the dry cell the 
electrolyte consists of zinc and 
ammonium chlorides, and a 
depolarizer of carbon and 
manganese dioxide is added 
to prevent contamination of 
the electrodes. In the voltaic 
cell a liquid electrolyte such 
as dilute sulfuric acid is used. 


Electrolyte 
of dilute 
sulfuric acid 


netic energy resulting from thermal agitation. 
But the net motion of charge past any point 
due to thermal agitation is zero, since the 
motions are completely random. However, 
when a metal wire is connected to the terminals 
of a dry cell (or one of the other devices men- 
tioned above), electrons are given a regular 
motion through the wire, the energy being 
provided by the transformation of chemical 
(or other) energy to electrical energy. ‘There 
is an electric current in the wire whenever there 
is a regular motion of charge past any point 
in the wire. Current is defined as the rate of 
movement of charge past a definite cross- 
section. If a quantity of charge Q moves past 
any cross-section of a conductor during a time 
interval t, the current (symbol 7) is given by 


Q 
Je 


That is, current equals the charge passing a 
certain cross-section divided by the time taken 
for the charge to pass that point. 

Each electron has a charge of —e, where e 
is the elementary electric charge. From the 
definitions in Chapter 11 we can say that 
6.24 x 10!8 electrons comprise a negative 
charge of one coulomb. The unit of electric 
current is called the ampere (abbreviated A), 
and is defined as the current when charge 
passes a point at the rate of one coulomb per 
second. That is, 


1 ampere — 1 coulomb/second. 
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Fig. 12-3. 
imaginary bowling ball circuit. 
plied to the electrons (bowling balls) which travel along a 
conductor and then do work in heating the filament of a 
lamp (falling through the oil bath and warming it). They 
are then conducted back and receive fresh potential energy 
from the dry cell (man). 


An electric circuit can be compared with an 
Potential energy is sup- 


m Example 12-1: In an interval of 2.0 sec- 
onds, 6.24 x 10!? electrons pass a point in a 
wire. Calculate the current in the wire. 


Solution: 'The magnitude of the charge is 


Des 6.24 x 10!? electrons 
T 624 x 1018 electrons/coulomb 


— 10 coulombs. 
The time interval is 
t = 2.0 sec. 


The current is 
= 9 
p t 


_ 10 coulombs 
2.0 sec 


= 5.0 A. 


.. the current in the wire is 5.0 amperes. 
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ELECTRICAL ENERGY AND POTENTIAL 
DIFFERENCE 

The motions of electrons in a circuit can be 
described further by comparing an electric cir- 
cuit to an imaginary bowling ball circuit as 
shown in Fig. 12-3. In the latter, a man lifts 
the balls from the floor to a shelf. The balls 
roll along the shelf into a cylinder of heavy 
oil. They fall through the oil at constant speed 
and are removed from the bottom by a trap- 
door mechanism that is not shown. Then the 
balls roll along the floor to be picked up by 
the man to repeat the process. As the man 
raises each ball from the floor to the shelf he 
transfers to the ball a certain amount of energy. 
On the shelf the ball has more gravitational 
potential energy than it had on the floor. If the 
ball fell off the shelf through the air its poten- 
tial energy would be transformed to kinetic 
energy. But in falling at constant speed 
through the oil the potential energy lost by 
the ball is transferred to the molecules of the 
oil, raising its temperature. The bowling balls 
are agents by which the work the man does is 
transferred to heat in the oil. The process can 
continue as long as the man has enough energy 
to lift the balls. If this were his full-time 
occupation he would have to be recharged 
periodically; that is, he would have to increase 
his internal energy by eating. 

Similar terms can be used to describe the 
motion of electrons in the electrical circuit. 
The dry cell transforms its chemical potential 
energy to the potential energy of electrons as 
it “raises” them from point P to point M. The 
electrons drift through the circuit to the lamp. 
As the electrons "fall" through the lamp fila- 
ment their potential energy is transferred to 
the ions of the filament, raising its temperature. 
The chemical energy of the cell is transformed 
to electrical potential energy which is trans- 
formed to heat in the lamp filament. If the 
electrons were allowed to "fall" through a 
vacuum their kinetic energy would increase. 
That is what happens to electrons in the evacu- 
ated tubes described in Chapters 30 and 31. 

In the same way that the man supplies each 
bowling ball with gravitational potential ener- 


gy, the dry cell supplies each electron with 
electrical potential energy. Thus there is an 
electrical potential energy difference per elec- 
tron between the points P and M in Fig. 
12-3(a). The quantity of energy per charge is 
called electrical potential. If an amount of 
energy E is supplied to an amount of charge Q 
as it moves between P and M, there is an 
electrical potential difference (symbol V) be- 
tween the two points, given by 


E 
V= Q 


A new dry cell can supply 1.5 joules of po- 
tential energy to each coulomb of charge 
through it. There is thus an electrical poten- 
tial difference between its terminals of 1.5 
joules per coulomb. The unit of potential dif- 
ference of 1 joule per coulomb is called one 
volt (abbreviated V): 

joule 
coulomb 


1 volt = 1 


Thus a new dry cell has a potential difference 
of 1.5 volts. 

A 6-volt auto battery supplies 6 joules of 
potential energy to each coulomb of charge 
that passes through it. As the electrons drift 
through the filament of a headlight each cou- 
lomb of charge will deliver 6 joules of energy 
to the filament in the form of heat and light 
(assuming no losses in the connecting wires). 
Since the term voltage is often used in place of 
potential difference, we might say that there is 
a voltage rise of 6 volts in the battery, and a 
voltage drop of 6 volts in the lamp. 


m Example 12-2: In starting an automobile, 
800 coulombs of charge are supplied from a 
12-volt battery. Calculate the energy supplied 
to the starter motor. 


Solution: The charge is 
Q = 800 coulombs. 
The potential difference is 
VISAZeV, 
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Cell Switch 
— (fo) — —NNNNN- 
Lamp Resistor 


-Q- -© -Q- 


Galvanometer Ammeter Voltmeter 
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Motor Generator 


Fig. 12-4. Certain electrical symbols are standard for 
use in circuit diagrams. The ones shown here will be 


used throughout this text. 


By definition, 


potential differe 


or 


= 9.6 x 10? joules. 
About 10 000 joules of energy are supplied to 
the starter motor, enough to raise a 10?-kg 
car almost 1 metre against the force of gravity. 
The energy is used in about 2 seconds, making 
the power about 5 kilowatts, or about 7 horse- 
power. 


ELECTRIC CIRCUITS 


Symbols are often used for electrical devices in 
circuit diagrams. The symbols used in this 
text are shown in Fig. 12-4. With these sym- 
bols we can draw a few electrical circuits to 
illustrate some of the properties of electric 
currents and voltages. Fig. 12-5 is a symbolic 
redrawing of the flashlight circuit of Fig. 12-1. 
By convention, the long stroke of the dry-cell 
symbol represents the positive terminal. In a 
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Direction of 
electron drift 
n -i+ 


Fig. 12-5. The circuit for the flashlight shown in Fig. 12-1 
can easily be drawn schematically. 


Fig. 12-6. When cells are connected in series in a circuit, 
the connections between them are omitted. 


| li 
o 
@ 8 


Fig. 12.7. Lamps may be connected in series in a circuit 
which includes an ammeter for measuring the current. 


iji 


Fig. 12-8. 


In the circuit shown here, each ammeter will 
show the same reading due to the conservation of charge. 


144 


6-volt auto battery three 2-volt secondary cells 
are connected in series; that is, the positive 
terminal of one cell is connected to the nega- 
tive terminal of the next, as shown in Fig. 12-6. 
Each cell supplies 2 joules of energy to each 
coulomb of charge, and the series of three 
cells supplies each coulomb with a total of 6 
joules. The voltage rise of the three-cell battery 
is 6 volts. 

Lamps may be connected in series as shown 
in Fig. 12-7. Also connected in series in the 
circuit is an ammeter which measures the cur- 
rent in the circuit. Three ammeters are con- 
nected into the circuit of Fig. 12-8 to see if 
the current has the same value throughout 
the circuit. There are neither “sources” nor 
“sinks” of electric charge in the circuit, and on 
the basis of the principle of the conservation 
of charge we expect the three ammeters to have 
the same reading. Otherwise charge would 
have to pile up or drain away somewhere in 
the circuit. 

Lamps may also be connected in parallel as 
shown in Fig. 12-9. Here the conservation 
of charge would lead us to predict that the 
sum of the currents through the lamps should 
equal the current in the rest of the circuit: 

1=1,+1,41;. 
Ammeter measurements confirm the prediction 
within the limits of accuracy of the meters. 

A voltmeter connected in parallel with a 
lamp measures the potential difference between 


ii} 


Fig. 12-9. When three lamps are in parallel the total 
current will be the sum of the current through each lamp. 


the ends of the filament, or the voltage drop 
across the lamp (Fig. 12-10). In Fig. 12-11 
the energy E supplied by the battery must 
equal the sum of the energies received by the 
lamps (principle of energy conservation) if no 
energy is consumed in the connecting wires. 
That is, 


E = E, + E, + E 


If, while the switch is closed, a total charge Q 
passes through the battery, the same charge 
must pass through each lamp (because of the 


principle of charge conservation). Then 
ECE, BE 
ORO) NON! 
or, since 
E 
e E 
Q 


V= Vi, + Va + Vet 
That is, the sum of the voltage drops around 
a single loop circuit must equal the voltage 
rise in the battery. With several batteries in 
the circuit (Fig. 12-12) the sum of the voltage 
rises equals the sum of the voltage drops. 


EXERCISES and PROBLEMS 


A 


1. List three forms of energy that can be trans- 
formed to cause electrons to move along a wire, 
and name a device by which each transformation 
is made possible. 


2. Calculate the current in a wire when a charge 
of x coulombs passes a point in the wire during 
a time interval of y seconds, for the following 
values of x and y: 


(ax215, yz5 
(b) x= 5, yz 15 
(c) x = 24, yz02 
(d x20., yz10 
(9) x 21073, y = 10? 
(D x= 10-5, y = 10-2 


3. In a certain apparatus there is a current of 
0.60 amperes for a period of 3.0 minutes. Calcu- 
late the charge that has been transferred. 
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Fig. 12-10. If the voltage drop across a lamp is to be 


found, a voltmeter is connected in parallel with it. 


Fig. 12-11, The voltage across the battery must equal 
the sum of all the voltage drops in a series circuit. 
V2 " Va 
Me Vs 
Vy Ve 


Fig. 12-12. In a series circuit the total voltage rise must 
equal the total drop: 
Vict Vs TVs Va V, T Vg Ye 
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4. Calculate the charge that must pass through 
a wire that carries a current of 50 milliamperes 
for a period of 10 seconds. 

5. For what period of time must there be a cur- 
rent of 0.20 ampere in a circuit in order that a 
charge of 30 coulombs be transferred through the 
circuit? 

6. Calculate the potential difference between two 
points in a wire when an energy of x joules is 
supplied to a charge of y coulombs, for the fol- 
lowing values of x and y: 


(a) x= 8, y= 4 

(D x= 4.0, y=20 

(c) x = 10; y = 0.05 
(d x = 0.05, y= 10-8 
(e) x = 10-12, y = 10-18 


7. Calculate the energy that is transferred when 
a charge of 0.1 coulombs moves through a poten- 
tial difference of 100 volts. 

8. How much energy is gained by an elec- 
tron moving through a potential difference of 
5.0 x 109 volts? 


B 
9. In a lightning flash, 20 coulombs of charge 
pass through a potential difference of 10° volts 
in an interval of 10-? sec. Calculate (a) the 
current, (b) the energy involved. 
10. The chemical energy in a flashlight cell is able 
to supply energy to 2000 coulombs of charge 
during its lifetime at an average potential differ- 
ence of 1.2 volts. What is the amount of energy 
stored within it? 
11. A 12-volt storage battery is rated at 100 
ampere-hours. That means that it could deliver 
100 amperes for 1 hour, or 1 ampere for 100 
hours, or any equivalent combination. Calculate 
the charge that the battery is able to transfer. 
12. Calculate the total energy that is available 
from a 12-volt storage battery that is rated at 
100 ampere-hours. 


13. An electric kettle draws a current of 12 
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amperes with a voltage drop across its terminals 
of 100 volts. If the kettle operates for 5.0 
minutes, calculate 

(a) the charge that passes through the coil in 

the kettle, 

(b) the energy that is transferred to the coil. 
14. To toast two pieces of bread in 15 seconds, an 
electric toaster requires 9.0 x 10? joules of ener- 
gy. If the potential difference across the toaster 
is 120 volts, calculate the current in the heating 
element of the toaster. 


Cc 


15. A consideration of the rate of motion of mass 
along a highway (automobiles) can be used as a 
basis for calculating the speed of electrons in a 
wire. Assume that the mass of each car travel- 
ling at the same speed along a highway is 2000 Ib. 
(a) Suppose that you stand by the side of the 
highway for one hour counting the number of 
cars that pass you. If the cars are equally 
spaced and travelling at 60 miles per hour, 
and if you count 1800 in an hour, how many 
cars are there per mile along the highway? 
What is the rate of transfer of mass along the 
highway in lb/hr? 
(b) At another time the rate of transfer of 
mass along the highway is 1.6 x 109 lb/hr. 
The number of equally spaced cars per mile 
of highway is 80. Calculate the speed of the 
cars. 
16. The same kind of calculation as that used in 
Question 15 can be made for the motion of elec- 
trons in a wire. The charge of each electron is 
—1.6 x 10-19 coulombs. In a copper wire having 
a diameter of about one millimetre, there are 
about 10?! free electrons per centimetre of length. 
A wire of this diameter can safely carry a current 
of about 1 ampere. Electrons have a rapid ran- 
dom motion, to which is added a steady drift when 
an electric field is present. Calculate the speed of 
the drift of the electrons in the wire in centimetres 
per second, when the current is 1 ampere. 


e) 


CONDUCTION IN METALS 


A potential difference across the ends of an 
electrical conductor produces a current in the 
conductor. Examples of conductors can be 
found among all states of matter: solids, liquids, 
and gases. In this chapter we shall investigate 
the conduction of electricity in familiar metals 
such as copper and aluminum. The conduc- 
tion of electricity in gases is described in Chap- 
ter 30. Conduction in liquids involves chemi- 
cal reactions, the explanation of which is be- 
yond the scope of this book. 


RESISTANCE 


It is instructive to compare the conduction of 
electricity through wires with the flow of water 


7/7 


through pipes. In general, we would expect 
the rate of flow of water through a pipe to de- 

end on the pressure applied, and on the 
nature of the pipe. Because of friction be- 
tween the water and the inner surface of a 
pipe, pressure must be applied to overcome 
the opposition of the pipe to the flow of water. 
We could say that a pipe has a certain resist- 
ance to the flow of water through it. 

In Fig. 13-1 the first pipe (a) is 6 feet long 
with an inner diameter of 2 inches. Suppose 
that a pressure of 7 units produces a flow 
through it of 4 gallons per second. What pres- 
sures are required to produce the same rate of 
flow in the other pipes? The friction along the 
greater length of the second pipe (b) is greater, 


Fig. 13-1. The resistance 
to flow of water through a 
pipe depends on the length 
of the pipe, on its cross- 
section area and on its 
internal structure. 
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so the pressure must be increased. The pipe 
of smaller diameter (c) carries a smaller vol- 
ume of water, so the pressure would have to 
be greater than in (a) to maintain the same 
rate of flow. The pipe in (d) has the same 
dimensions as the one in (a) but it contains 
gravel. A greater pressure is required to main- 
tain the same rate of flow as in (a). 

In all three pipes—(b), (c), and (d)—a 
greater pressure is needed to maintain the same 
rate of flow as in (a). We would say that 
these pipes have a greater resistance than the 
pipe in (a). Therefore, the resistance of a 
pipe to the flow of water through it might be 
expressed in terms of the pressure required 
to maintain a certain rate of flow, since greater 
resistance requires greater pressure. 

In electricity, potential difference has the 
nature of an electrical pressure. To examine 
the ability of various materials to conduct 
electricity, or the opposition they present to 
the motion of charge through them, we can 
define the quantity, electrical resistance. The 
resistance (symbol R) of an electrical con- 
ductor is the potential difference required per 
unit of current in it. In symbols, 

V 
R EM 


EXPERIMENT Il-2 


Measuring Electrical Resistance 


1. From its definition, electrical resistance can 
be calculated for any part of a circuit if the 
current in that part of the circuit and the 
potential difference between the ends of that 
part are known. 


To find the resistance of a conductor con- 
nect it in series with a battery (or other 
source of voltage) and an ammeter (and a 
switch if desired). Connect a voltmeter 
across the points in the circuit between 
which the resistance to be measured is con- 
nected. When you use direct current you 
should be sure that the connections to the 
meters have the correct polarity so that 
the needles of the meters will not swing in 
the wrong direction. Do not make the final 
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The unit of resistance is the ohm. Then 

1 ohm = 1 volt/ampere. 
The resistance of a conductor is 1 ohm when 
a potential difference of 1 volt across its ends 
is required to maintain a current of 1 ampere 
in it. 


m Example 13-1: Determine the resistance of 
an electric lamp for which a voltage of 120 
volts is required to maintain a current of 0.50 
ampere. 


Solution: 


The potential difference is V = 120 volts. 
The current is 7 = 0.50 A. 
The resistance is 


= 240 ohms. 
-'. the resistance of the lamp is 240 ohms. 


m Example 13-2: Tn a certain radio circuit the 
resistance is 10 000 ohms when the potential 
difference is 200 volts. Calculate the current 
in the circuit. 


connections (or close the switch) until you 
have checked. 


For each pair of corresponding readings of 
the voltmeter and ammeter calculate the 
resistance. If you can change the voltage 
supplied, take readings for several values 
of voltage. Is the resistance the same each 
time? 

Repeat the measurements for several con- 
ductors that provide readings within the 


ranges of the meters. If an electric lamp is 
available, measure its resistance when the 
filament is just glowing red, and again 
when it is a brighter white. Is the resistance 
the same both times? 


What is the value of the resistance when 
only air is in the place where you have been 
connecting the conductors for resistance 
measurement? 


| 


Solution: The potential difference is 
V — 200 volts 
= 2 x 10? volts. 
The resistance is 
R = 10000 ohms 


= 10+ ohms. 
The current is 
V 
SOR 
E EGoB 
^ 1 x 10* ohms 
—2 x 10-? A. 


.'. the current in the circuit is 2.0 x 107? am- 
pere, or 20 milliamperes (20 mA). 


OHM'S LAW 


The unit of electrical resistance is named for 
Georg S. Ohm (1787-1854), a German sec- 
ondary-school science teacher, who spent about 
five years investigating the properties of elec- 
trical conductors. In 1827 he published his 
conclusions from measurements of voltage and 
current for conductors of various dimensions 
and materials.* For a single conductor Ohm 
found that the calculated value of its resistance 
was constant over a wide range of voltage and 
current, as long as the temperature remained 
the same. 

Ohm’s law may be stated in a form close to 
that used by Ohm himself: 
For certain metallic conductors the current in 
any portion of a circuit varies directly as the 
potential difference between the ends of that 
portion of the conductor, provided that the 
temperature remains constant. 


For a range of values of current 7 and voltage 
V; 

T= (YR) V; 
where R is constant. (When resistance was 
defined previously, there was no suggestion 


* Ohm hoped that his research would qualify him 
for a university appointment, but he was refused because 
it was said that his work was not experimental. And 
he was forced to resign his school position because others 
said that his work was experimental. 
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EXPERIMENT 1I-3 
Ohm’s Law 


1. Connect a metallic conductor in series with 
an ammeter and a source of voltage that 
can be changed. A switch may also be 
included in series. Connect a voltmeter 
across the ends of the metallic conductor. 
The voltage source may be a series of dry 
cells arranged so that you can connect one, 
or two, or three into the circuit. An alter- 
native is to have a fixed voltage source con- 
nected in series to a coil of wire by means 
of a contact that slides along the coil. 
Moving the slider changes the amount of 
the coil in the circuit, and therefore changes 
the resistance and current in the circuit. 
The result is to change the voltage drop 
across the conductor that is being investi- 


gated. 


For three or more values of voltage across 
the conductor, record the voltage and cor- 
responding current in the conductor. For 
each pair of values calculate the resistance 


of the conductor. Calculate the average 
value of the resistance. 


What is the average percentage difference 
between the individual resistances and the 
average resistence? How can you account 
for any differences? Was there any evi- 
dence of a change in the temperature of the 
conductor during the measurements? 


State Ohm’s law. To what degree of accu- 
racy do your measurements confirm it? 


Variable voltage Resistor 


Fig. 13-2. A circuit of this type can be used to find the 
resistance of a resistor and to illustrate Ohm's law. 
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that it remained constant.) Ohm’s law can 
be tested in a circuit like the one shown in Fig. 
13-2. As the voltage of the source is changed, 
readings are taken of the ammeter and of the 
voltmeter connected across the ends of the coil 
that has a resistance R. As long as the tem- 
perature of the coil does not change appre- 
ciably the fraction of voltage divided by cur- 
rent should remain approximately constant. 
This result may be described by saying that 
the current varies directly as the voltage, or 
that the resistance of the coil of wire is con- 
stant. 

The relation between voltage and current 
for several conductors is illustrated in the 
graphs of Fig. 13-3. In (a) the graph is a 
straight line passing through 0, showing that 
Ohm's law holds for a copper wire. Copper, 
aluminum, silver, platinum, mercury, iron and 
some other metals conform to Ohm's law and 
are said to be ohmic conductors. There are 
conductors that are non-ohmic; that is, the 
resistance changes when the voltage is changed. 
For example, the relation between current and 
voltage for a liquid electrolyte is represented 
in Fig. 13-3(b) by a straight line that does not 
pass through 0. Although equal increases in 
the voltage produce equal increases in the cur- 
rent, the fraction of voltage divided by current 
is not the same for all points on the line. The 
relation between current and voltage for a gas, 
illustrated in Fig. 13-3(c), is quite regular for 
low voltages, but as the voltage increases, a 
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Fig. 13-3. Graphs can be used to show the relation of 
current to voltage in three different types of conductors: 
(a) an ohmic conductor, (b) a solution of copper sulfate 
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Vs V2 Va 


Fig. 13-4. When resistors are connected in series, their 


total resistance is the sum of the individual resistances. 
That iss R= Ri +R, + R,- 


point is reached where the current no longer 
increases. When current is constant as voltage 
increases the resistance cannot be constant. 


RESISTANCE IN ELECTRIC CIRCUITS 


For the remainder of this chapter we shall con- 
fine our attention to ohmic conductors, usually 
coils of wire. When used in a simple electric 
circuit, a coil of wire may be called a resistor. 
Since lamps, motors, and other circuit elements 
have resistance the following discussion applies 
also to them. 


1. RESISTORS IN SERIES 

The resistors in Fig. 13-4 are connected in 
series to a battery. Symbols without subscripts 
apply to the complete circuit, and those with 
subscripts refer to portions of the circuit. From 
Chapter 12 we know that the current / is the 
same throughout the circuit, and that the volt- 
age relation is 

V=V,+V_+ V3. 


10 
= 
E 
€ 
® 
à 5 
50 {oom 100 200 
Voltage (V) (c) Voltage (V) 


between copper electrodes, and (c) argon gas at atmos- 
pheric pressure. The conductors in (b) and (c) are both 
non-ohmic conductors. 


Since Ohm's law applies to the whole circuit 
and to each portion of it, we can substitute the 
product of current and resistance for each 
voltage: 
IR = IR, + IR, + IRs, 
where R is the total resistance in the circuit. 
Dividing both sides of the equation by 7 gives 
R=R, +R, + Ra 

The total resistance of resistors in series is thus 
equal to the sum of the individual resistances. 


= Example 13-3: Resistors of 5, 10, and 15 
ohms are connected in series to a battery that 
provides a potential difference of 6.0 volts. 
Calculate the current in the circuit. 


Solution: 
The potential difference is V = 6.0 volts. 
The total resistance is 

R= (5 + 10 + 15) ohms 


= 30 ohms. 
The current in the circuit is 
V 
deo: 
_ 60 V 
~ 30 ohms 
= 0.20 A. 


'. the battery drives a current of one-fifth 
ampere through the three resistors. 


2. RESISTORS IN PARALLEL 
The resistors in Fig. 13-5 are connected in 
parallel to a battery. The potential difference 
across each resistor is the same. The current 
relation from Chapter 12 is 

T=1,+1, 4+ 1). 
Since Ohm’s law applies to the whole circuit 
and to each portion of it we can substitute the 
fraction, voltage divided by resistance for each 
current: 

V uel ek 

RTR R, Ry 
where R is the resistance of the combination. 
Dividing both sides of the equation by V gives 

E E Ui du 

ROR R R 
The reciprocal of the total resistance of resist- 
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Fig. 13-5. When resistors are connected in parallel, the 
reciprocal of the total resistance equals the sum of the 
reciprocals of the individual resistances. 


Tori A ORNE ES, 


ors in parallel is the sum of the reciprocals of 
the individual resistances. 


m Example 13-4: An electric toaster has a 
resistance of 10 ohms. It is connected to a 
120-volt supply in parallel with an electric 
iron of resistance 15 ohms. Calculate the 
current that is drawn from the source. 


Solution: 
The potential difference is V = 120 volts. 
The combined resistance can be calculated 
from the above relation: 
WEA 1 
R I0 ohms i5 ohms 
mse 
~30 ohms 
vss 
=6 ohms 
Therefore, R — 6 ohms. 
The current is 


= 6 ohms 
= 20 A. 


The current drawn by the two appliances con- 
nected in parallel is thus 20 amperes. If the 
current in each appliance is calculated, it is 
found that the total current is the sum of the 
currents that each would draw if connected 
by itself to the supply. 
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Fig. 13-6. The resistance of four R 
pieces of wire connected end to end 
(in series) is four times the resistance 
of each individual piece. 


THE RESISTANCE OF METALS 


In electric circuits the potential difference is 
determined by the properties of the source: 1.5 
volts from a dry cell, 110 to 120 volts from 
the electric energy company. The resistance of 
the circuit is determined by the physical prop- 
erties of the conductors. Then the current in 
the circuit has the value determined by Ohm's 
law. It could be said that voltage and resist- 
ance are independent variables (determined by 
other factors), and that current is the depend- 
ent variable in the Ohm’s law relation. 

What are the factors upon which the resist- 
ance of a conductor depends? Our earlier 
discussion of the flow of water through pipes 
indicates several items that ought to be con- 
sidered: the length, the diameter, and the 
nature of the material. Imagine four identical 
sections of wire, each with resistance R. If 
the sections are joined end to end as shown in 
Fig. 13-6, they are effectively connected in 


YR 


RA 


Fig. 13-7. If four wires are connected side by side (in 
parallel), their resistance is a quarter that of one wire. 


zs AR ; 
E d 
4A : «eue 


Fig. 13-8. Doubling the diameter of a wire has the effect 
of multiplying its cross-section area by four and hence of 
quartering its resistance, 
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series. Then the resistance of a wire of four 
times the length of one section is 4R. The 
result is perfectly general: if all other factors 
are the same, the resistance of a wire x times 
as long is x times as great. 

If the four wires are joined side by side as 
shown in Fig. 13-7, they are effectively con- 
nected in parallel. From the rule for parallel 
resistors; the resistance of this combination is 
J4 R. The combination, treated as.a single 
conductor, has four times the area of cross- 
section of one of the wires and one-quarter of 
the resistance of one. In general it can be 
concluded that the resistance of a conductor 
varies inversely as its area of cross-section. 
As shown in Fig. 13-8, a wire with double the 
diameter has four times the cross-section area 
(since A = r r°, and r= d/2). 

We can conclude then that the resistance of 
a conductor varies directly as its length and 
inversely as its cross-section area (or inversely 
as the square of its radius or diameter). 

Wires of identical dimensions but of different 
materials do not necessari have the same 
resistance. The resistance depends on the 
nature of the material, the characteristic value 
for each material being called its resistivity. 
The resistivities of several metals are shown in 
Table 13-1. The resistivity is expressed as the 
resistance in ohms of conductors 1 metre in 
length with a cross-section area of 1 square 
metre. 


Table 13-1 
RESISTIVITIES OF COMMON METALS 


Metal 
Silver 


Copper 
Aluminum 


Resistivity at 20°C 
1.6 x 10-* ohm.m?/m 
1.7 
2.8 


Tungsten 
Tron 
Mercury 


Ohm's law includes the phrase "provided 
that the temperature remains constant." It is 
common for an increase in the current in a 
conductor to be accompanied by a rise in its 
temperature. The reason is that the electrons 
moving in the wire collide with the positive 
ions and increase their rate of vibration. The 
increased motion of the ions represents a rise 
in temperature. As the voltage across an elec- 
tric lamp filament is increased the temperature 
of the filament rises, until it becomes white hot. 
The effect of the rise in temperature on the 
resistance can be determined from the graph 
of current against voltage in Fig. 13-9. For 
many metals, a rise in temperature produces 
an increase in resistivity of about 4% for a 
ten degree (Celsius) rise in temperature. The 
graph in Fig. 13-10 illustrates the effect of 
temperature on resistivity for five metals. 

The concept of electrical resistivity provides 
a more precise way of describing the ability 
of a material to conduct electricity than the 
mere listing of conductors and insulators. Good 
insulators are materials with a high resistivity. 
Carbon, considered to be a relatively poor 
conductor, is also a poor insulator. Its re- 


sistivity is about 4 x 10-5 ohm.m?/m. The 
resistivity of semi-conducting materials such 
as metallic oxides and sulphides, and the 
elements germanium and silicon, is about 
10? ohm.m?/m. The resistivities of glass and 
rubber are about 10!? and 10!* ohm.m?/m, 
respectively. 


ISES and PROBLEMS 


A 

1. Water pressure produces a flow of water 
through three pipes; in pipe A a pressure of 7 
units produces a current of 4 gal/sec, in pipe B 
a pressure of 12 units produces a current of 
4 gal/sec, and in pipe C a pressure of 7 units 
produces a current of 3 gal/sec. List the three 
pipes in order of increasing resistance. 

2. Calculate the resistance of a conductor across 
Which there is a potential difference of x volts, 
and in which there is a current of y amperes, for 
the following values of x and y. 
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0.2 


Current (A) 


0.1 
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Potential difference (V) 


Fig. 13-9. The resistance of a wire increases as its 
temperature rises. Thus a graph of current against voltage 
for an electric lamp is not a straight line. 
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Fig. 13-10. The dependence of resistivity on temperature 
varies with different metals as shown in the graph. 


(a)x=12, y=4 

(b) a= 100, ym 0.2 

(c) x = 0.30, y 2 20 
3. When the reading of a voltmeter connected 
across the ends of a coil is 80.0 volts, an ammeter 
indicates a current of 2.00 amperes in the coil. 
Calculate the resistance of the coil. 


4. A current of 10 milliamperes is maintained 
through a 10% solution of sodium chloride in 
water by a potential difference of 15 volts. Calcu- 
late the resistance of the solution. 
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5. At its operating temperature, the element of 
an electric stove has a resistance of 33 ohms. 
What current will it draw from a 220-volt electric 
supply? 

6. An electric motor operating on a 120-volt sup- 
ply has a resistance of 16 ohms. Calculate the 
current in the motor. 

7. The resistance of a radio tube is 8.0 kilo-ohms 
when the current in it is 45 milliamperes. What 
is the potential difference across the tube? 

8. A certain electric lamp filament will melt at 
currents greater than 2.5 amperes. Its resistance 
is 56 ohms at its operating temperature. What is 
the maximum supply voltage to which it can be 
safely connected? 

9. The following measurements were made in an 
experimental investigation of Ohm's law for a 
coil of aluminum wire: 


Voltage across coil Current in coil 


24 V 20 A 
37 V 3.0 A 
62 V 50 A 
88 V 7.0 A 
102 V 80A 


To what degree of accuracy do these data support 
Ohm's law? 

10. A coil of copper wire was immersed in run- 
ning water to maintain its temperature at 26°C. 
The following measurements were made. 


Voltage Current 

620 V 0.200 A 
12.48 V 0.400 A 
15.36 V 0.500 A 
21.88 V 0.700 A 


To what degree of accuracy do these data confirm 
Ohm's law? 
11. Describe the appearance of a graph of current 
plotted against voltage for an ohmic conductor. 
State two simple ways in which the graph of 
current against voltage for a non-ohmic conductor 
could be different. 
12. (a) What properties of a metallic conductor 
determine its resistance? 
(b) What change in resistance would be pro- 
duced by a change in each of the factors in 
your answer to (a)? 


B 


13. There is a current of 2.0 amperes in two 
small electric motors connected in series with a 
battery. The voltage drop across motor A is 
8.0 volts, and across motor B, 12.0 volts. 
(a) What is the total voltage drop across the 
two motors? 
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(b) Calculate the combined resistance of the 
two motors. 
(c) Calculate the separate resistances of A and 
B and compare them to the value of the com- 
bined resistance of the motors. 
14. In one kind of circuit for Christmas tree 
lamps, there are 8 lamps connected in series to 
the 120-volt supply. The resistance of each lamp 
is 30 ohms. Calculate 
(a) the total resistance of the 8 lamps con- 
nected in series, 
(b) the current in the circuit, 
(c) the voltage drop across one lamp. 


15. A lamp of resistance 3.0 ohms is designed 
to carry a current of 1.5 amperes. Calculate 
(a) the current in the lamp if it were connected 
to a 6.0-volt battery, 
(b) the value of the resistance that would have 
to be added in series to limit the current to the 
value for which it was designed. 


16. When two resistors A and B are connected 
in series to a 5.0-volt battery, the current is 0.25 
ampere. When A is connected to the battery 
by itself, the current is 0.33 ampere. What would 
the current be if B were connected to the battery 
by itself? 


17. Two small electric motors are connected in 
parallel across a 12-volt battery. The current in 
motor A is 3.0 amperes, and in motor B, 2.0 
amperes. 
(a) What is the total current supplied to the 
two motors in parallel? 
(b) Calculate the combined resistance of the 
two motors. 
(c) Calculate the separate resistances of A and 
B and compare them to the value of the com- 
bined resistance of the motors. 


> 18. Calculate the value of the combined resist- 


ance when the following resistances are connected 
in parallel: 

(a) 2.0 ohms and 3.0 ohms, 

(b) 0.40 ohm and 0.67 ohm, 

(c) 10 ohms and 30 ohms, 

(d) 3.0 ohms, 4.0 ohms, and 6.0 ohms. 


19. An electric toaster of resistance 10 ohms is 
connected in parallel with an electric iron of 
resistance 20 ohms across a 120-volt supply. 
Calculate the total current supplied to the two 
devices. 


20. A certain type of electric lamp of resistance 


12 ohms is designed to operate across a supply 
of 6.0 volts. 


(a) Calculate the current in the lamp when it is 
connected to a 6.0-volt battery. 


(b) Calculate the current if two such lamps 
are connected in series to a 6.0-volt battery. 
(c) Calculate the total current if two such 
lamps are connected in parallel to a 6.0-volt 
battery. 


Cc 


21. Small plates of platinum, dipping into a solu- 
tion of hydrochloric acid in water, are connected 
in series with an ammeter and source of variable 
voltage (direct current). A voltmeter is connected 
between the platinum plates. The following pairs 
of readings are recorded. 


Voltage Current 
2AN 0.01 A 
3.0 V 0.02 A 
3.8 V 0.03 A 
4.6 V 0.04 A 
5.4 V 0.05 A 


(a) Plot a graph of current against voltage for 
these data. 

(b) Calculate the resistance of the solution for 
the first and last pairs of values. 

(c) The graph does not pass through the origin 
because an internal voltage is developed be- 
tween the two plates as a result of electro- 
chemical action. The solution could be said 
to be an ohmic conductor if the effect of that 
voltage could be eliminated. One way to do 
that is to define resistance as the change in 
voltage divided by the change in current. Use 
that definition to calculate several values for 
the resistance of the solution. Do the values 
conform to Ohm's law? 

(d) What is the value of the internal voltage? 


22. (a) Plot a graph of current against voltage 
for the following values that were recorded for 
a gas-filled phototube under constant illumina- 
tion. 
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Voltage Current 
5.0 V 3.0 pA 
10.0 V 4.0 pA 
20.0 V 4.5 pA 
30.0 V 5.0 pA 
40.0 V 6.0 pA 
50.0 V 8.0 pA 


(b) Calculate the resistance of the phototube 
for the second and fourth pairs of values. Is 
this an ohmic conductor? 

23. In the calculations of this chapter we have 
neglected the fact that dry cells possess a small 
internal resistance. This resistance is negligible 
when only a high resistance voltmeter is connected 
to a cell. In this circumstance the reading of the 
voltmeter is called the no-load voltage of the cell. 
The internal resistance can have an appreciable 
effect in a circuit which has a relatively small 
resistance connected to the cell. For example, 
two cells with a combined no-load voltage of 
3.0 volts and a total internal resistance of 0.3 
ohms are connected in series with a resistance 
coil and an ammeter of negligible resistance. A 
voltmeter is connected across the ends of the coil. 
Calculate the readings of the ammeter and volt- 
meter if the resistance of the coil is (a) 9.7 ohms, 
(b) 0.7 ohms. 
24. The no-load voltage of a single dry cell is 
1.50 volts. When a resistance coil and an 
ammeter of negligible resistance are connected 
in series with the cell, the reading of the ammeter 
is 3.0 amperes, and the voltage drop across the 
coil is 1.20 volts. Calculate the internal resistance 
of the cell. 

25. (a) Calculate the resistance of an aluminum 

wire, 1.0 kilometre long, with a cross-section 
area of 1.0 square centimetre. 
(b) A very soft lead pencil contains almost 
pure carbon. Calculate the resistance of such 
a sample of carbon, 20 centimetres long, with 
a cross-section area of 1.0 square millimetre. 
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ELECTRICITY AND HEAT 


We have seen that the unit of voltage was de- 
fined in terms of the energy that had to be used 
to push a charge through a conductor. This 
energy need not necessarily be always wasted— 
it may have been used in driving an electric 
motor or in actuating an electromagnet, or at 
the least the heat produced might have been 
used for raising the temperature of the room. 
In this chapter we will discuss the relationships 
between the electrical units defined in the 
immediately preceding chapters and the energy 
and power units defined in Chapter 8. 


POWER AND CURRENT 


By definition, the voltage difference V across 
a conductor is V = E/Q, where E is the energy 
needed to push a charge Q through the con- 
ductor. We also know that electric current is 
defined as the rate of flow of charge; that is, 


OUER ONAA 
Combining these two equations, we can then 
write 
E = VQ = VIt, 

which states that the energy spent when there 
is a current / for a time t in a conductor which 
has a voltage V across it, is simply the product 
of the current, time and voltage. As this is 
merely a restatement and recombination of 
equations already expressed in defined units, 
there is no ambiguity about the units involved 
in the new equation. In the MKS system, 
energy is measured in joules, current in am- 
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peres, voltage in volts and time in seconds. 
Then 
1 joule = 1 ampere x 1 volt x 1 second. 


Using the concept of electrical resistance to 
describe the conductor, it is possible to express 
the energy in other ways. By definition, the 
resistance R of a conductor is 

JU VT, 
where / is the current in the conductor as a 
result of the potential difference V. 
Then, combining 


E = VIt with V = IR, 
we get E — (IR)It 
= PRt. 


(In the MKS system the resistance will be 
expressed in ohms.) 


m Example 14-1; Calculate the energy spent 
in a conductor of resistance 10 ohms when 
there is a current of 2.0 amperes in it for 40 
seconds. 


Solution: 
We have E = PRt. 
Then E = (2.0 A)*(10 ohms) (40 sec) 


1600 joules. 


This is a complete solution, but it is interesting 
to see that the same answer would be obtained 
if the problem were tackled by another route. 

Considering the voltage across the conductor, 


Viol 
= (2.0 A) (10 ohms) 
= 20 volts. 
Then E = Vit 
= (20 V)(2.0 A)(40 sec) 
= 1600 joules. 


Both methods of calculation agree that the 
energy spent is 1600 joules. 


In Chapter 8, power was defined as the rate 
of working, and may be expressed by 
work done 
time 
E 


or Eos 


power = 


Using this equation and preceding ones, we 
may write that the power developed in a con- 
ductor carrying a current is given by 

E 


t 
_ vit 
TE 
PI 
Here P will be in watts if V is in volts and Z in 
amperes. Putting V equal to IR in the above 
equation, we have an alternative expression for 
power, 

P RM 
That! is; P= FR) 


W Example 14-2: A household lamp is stated 
to dissipate energy in the form of heat and 
light at the rate of 60 watts. The supply volt- 
age is 110 volts. What is the current through 
the lamp and what is its resistance under work- 
ing conditions? 


Solution: 
(a) We have P= VI 
or I- 5 
.. 60 watts 
~ 110 volts 
= 0.55 ampere. 
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Fig. 14-1. A small block being pulled over a series of 
saw-tooth-obstacles can serve as a mechanical model for 
electrons being pulled by an electric field past the at- 
tractive resistance of positive ions. 


(b) As R= F 
110 V 
here 7 055A 
— 200 ohms 


.. the current through the lamp is 0.55 am- 
peres and its resistance is 200 ohms. 


HEAT AND ELECTRON MOTION 


We have discussed the production of heat when 
there is a current in a wire, and indeed we 
defined the volt in terms of this energy, but so 
far we have not spoken of why there should 
be any energy spent in pushing the electrons 
along. To speak of resistance merely defines 
and clarifies the phenomenon, but does not 
explain it. 

In previous chapters we have spoken of the 
fact that matter consists of atoms, and that 
commonly these atoms are ionized, having 
given up one or more of their electrons to 
other atoms or having received an excess. The 
positively charged ions in a metallic conductor 
will attract negative electrons, and work will 
have to be done pulling the electrons away from 
them. A mechanical model of what goes on 
in an electrical conductor may be useful. We 
imagine (Fig. 14-1) that there is a series of 
saw-tooth obstacles over which an object has to 
be pulled by a rope. For simplicity, we will 
imagine that all the surfaces are frictionless. 
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R 


- | 


110 V supply 


Fig. 14-2. 
produced by a current flowing through a resistance can be 
compared with the electrical energy determined by means 
of ammeter and voltmeter readings. 


Using the circuit shown here, the heat energy 


To pull the object of mass m up the slope 
requires mgd units of energy. This energy 
reappears as kinetic energy as the object 
falls over the edge of the saw-tooth, but will 
be dissipated as heat and sound when it hits 
the bottom. Another amount of work med 
must be done to get it to the top of the saw- 
tooth again, and once more this mechanical 
energy is wasted as heat and sound. At the 
end of the journey the object will have no more 
kinetic or potential energy than it had initially, 
but a great deal of energy will have been 
expended by the person pulling the rope, all of 
which has been dissipated. In the flow of elec- 
trons, the potential difference takes the place 
of the person pulling, and positive ions take the 
place of the holes into which the object falls 
and from which it has to be pulled. As the 
electron is rapidly accelerated towards the 
positive ion by the latter’s electric field, it loses 
energy in the process, and it is this energy 
which appears as heat. From this picture we 
would expect that the total amount of heat 
produced would be proportional to the total 
number of electrons moving (that is, to the 
charge) and we can see that this is true, since 
by definition, V = E/Q, or E = VQ. 
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From what we have seen in the previous sec- 
tions, we would expect that there would be a 
definite numerical relationship between the cur- 
rent in a conductor, the voltage across it, and 
the energy produced in it. We can find this 
relationship if we measure the heating of water 
in a calorimeter in which there is immersed a 
resistance wire. (It may be convenient to use 
an electric light bulb for the resistance wire 
as shown in Fig. 14-2.) To calculate the heat 
energy, we must know the mass of water in 
the calorimeter and the rise in temperature of 
the water when there is a known current pass- 
ing through the wire for a known time, and a 
known voltage across the conductor. 

When the circuit is completed by the closing 
of switch S, it will be observed that there is 
a voltage across the bulb and a current in the 
wire, shown by the reading of the voltmeter and 
ammeter respectively. The thermometer will 
show that the temperature of the water begins 
to rise. The first thing to do is to conduct a 
trial experiment to determine convenient values 
for the current and voltage. Values which are 
too low will make the temperature rise so 
slowly that its measurement is difficult, while 
values too high may cause evaporation of the 
water with a consequent change of mass of the 
liquid. The electrical quantities can be altered 
by changing the values of the resistance R. 
When a suitable value of R is found, the 
experiment can be restarted using a fresh sup- 
ply of cold water. 

The calorimeter is weighed, filled with 
enough water to cover the bulb up to its neck, 
and then reweighed. Subtraction gives the 
weight of water in the calorimeter. The calori- 
meter should now be placed in a draught-proof 
enclosure, and the temperature of the water 
measured. If ordinary tap water is used, the 
temperature will probably be a few degrees 
below that of the room, which is useful, as the 
final temperature will probably be a few de- 
grees above room temperature and the effect 
of the surroundings will thus be minimized. 

Now the bulb is placed in the water, the 


switch closed, and a stop-clock started at the 
moment of closing the switch. The voltage 
and current readings are taken; a number of 
measurements of these are taken throughout 
the course of the experiment, average values 
being calculated at the end. The water is 
stirred gently with the thermometer, and the 
rise in temperature noted. In a matter of a 
few minutes the temperature of the water will 
rise above room temperature. When it is, 
ideally, as far above room temperature as it 
was originally below room temperature, the 
switch is opened and the time noted. 

Let us assume that the average values of the 
current and voltage were I and V respectively, 
that the heating lasted for a time t, and that a 
mass m of water in the calorimeter increased 
its temperature by T. Without considering 
complications for the time being, the electrical 
energy dissipated in the lamp is 


Ej Vlt; 
and the heat energy gained by the water is 
E,-mIC 


„where C is the specific heat capacity of the 
water. The conservation of energy tells us 
that these two quantities must be equal, as 
there is no energy loss by light, sound, kinetic 
energy, etc, but as the electrical energy is 
measured in joules and the heat energy in 
calories, they will not be the same numerically. 
In fact the electrical energy divided by the heat 
energy should just be the mechanical equiva- 
lent of heat discussed in Chapter 9. This 
experiment can therefore be used as a con- 
venient method of measuring the mechanical 
equivalent of heat. 


In a typical experiment, the results might be: 
Mass of calorimeter 255.8 
Mass of calorimeter + water = 250 g 


.'. Mass of water, m= 195g 
Room temperature = 23°C 
Initial temperature reading = 9°C 


Final temperature reading = 33°C 
'. rise in temperature, T = 24 deg 
Specific heat capacity of water, 
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C = 1 cal/g.deg 
Average current during experiment, 


l = 1.6 ampere 
Average voltage during experiment, 
V = 66 volts 


Duration of experiment, 
t = 190 seconds 
Then £,, = Vit 
= 66 x 1.6 x 190 joules 
and SE = mG 
195 x 24 x 1 calories. 
*. mechanical equivalent of heat 
= £a 
m 
66 x 1.6 x 190 joules 
195 x 24 calories 


— 4.3 joules/calorie. 


In all calorimetric experiments difficulties are 
encountered due to the gain or loss of heat from 
or to the room. If the working temperature is 
at all times very near to room temperature such 
gains or losses will be small. Moreover, as 
mentioned previously, by arranging that the 
initial temperature is as far below room tem- 
perature as the final temperature is above it, 
the gain of heat in the first half of the experi- 
mental time will just be equal to the loss in 
the second half, and as a result this source of 
error will be eliminated. Other sources of 
error are not so easy to remove without further 
experimentation, however. Some of the heat 
will go to warm up the glass of the bulb and 
of the thermometer, and to raise the tempera- 
ture of the calorimeter itself. These effects will 
tend to make the measured value of the me- 
chanical equivalent of heat higher than the 
accepted value, which is 4.186 joules/calorie. 


USING ELECTRICAL ENERGY 


Electricity is widely used in the home and in 
industry as a source of heat. Electric kettles, 
stoves and coffee percolators are obvious exam- 
ples of this use of electrical energy. Filament 
lamps give off light because the filaments have 
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been raised to white heat by the passage of 
current through a wire, and refrigerators usu- 
ally work because of heat supplied by an 
electric current. 

Such appliances are characterized by the 
rate at which energy is dissipated in them, 
called the power rating. Thus, most household 
lamps have a power rating of 40, 60 or 100 
watts, one heating element on an electric stove 
might be rated at 1 kilowatt (1 kilowatt — 1000 
watts), and so on. From this rating and the 
voltage of the electrical supply to the appliance, 
we can calculate the current expected.* Such 
a calculation was carried out earlier in this 
chapter. For most home appliances the sup- 
ply voltage is 110 volts, but for the bigger 
pieces, such as the electric stove, an individual 
supply of 220 volts is used. This has the 
effect of reducing the current required for the 
given power and thereby reduces losses in the 
wiring to the stove (remember that the losses 
are proportional to the square of the current, 
since P = PR). 

Once the normal current is calculated, the 
correct fuses can be used in the circuit, and any 
overload due to a fault in the wiring or appli- 


ance will cause the fuse to melt, thus breaking 
the circuit. 


Table 14-1 
TABLE SHOWING POWER RATING OF 
VARIOUS ELECTRICAL APPLIANCES 


4 Current 
(win HO agp 


Power Rating 


THE COST OF ELECTRICITY 


One of the most important ideas in physics 
is that of energy. The cost of electricity 


* In the alternating current (AC) supplied to home 
and industry, the direction of motion of electrons re- 
verses 120 times a second. The magnitudes of AC voltage 
and current are defined so that the relation P — VI still 
holds as it does with direct current (DC), 
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is evidence of this importance, for it is energy, 
not power, for which one pays. We have seen 
that P = E/t, and therefore E = Pt. Thus the 
power rating of an appliance multiplied by the 
time for which it is on is a measure of the 
energy dissipated in the apparatus. As power 
ratings are normally in watts or kilowatts, and 
time is measured in seconds in the MKS sys- 
tem, the words watt-seconds or kilowatt-sec- 
onds might be used as energy units—1 watt- 
second in fact is exactly the same as 1 joule. 
However the cost of a joule of electricity is 
normally only about one millionth of a cent, 
and is therefore inconveniently small for do- 
mestic purposes. Instead the kilowatt-hour 
(kWh) is used as the commercial unit of elec- 
tricity consumption. 
1 kWh = 1000 x 3600 watt-seconds 
= 3.6 x 108 joules. 

The cost of electricity is therefore stated in 
units of cents per kWh. Very often, however, 
the scale of charges is complicated, the price 
per kWh decreasing as the number of kWh | 
used increases. Industrial charges may be 
much less than domestic prices, as the capital 
cost of installing wiring to individual houses is 
high and must be recovered by charging more 
for the electricity. As an illustration, domestic 
charges might average 1.3 cents per kWh while 
the electricity supplied to a factory might aver- 
age only 0.87 cents per kWh. 

An electrical supply might also be obtained 
from a dry cell such as is used in flashlights. 
(The electrical energy in such a cell comes 
from chemical reactions. When the reactions 
are completed, no more energy is available. 
Thus, a cell has a finite life during which it can 
supply a finite charge of electricity.) A good 
cell might have the following characteristics: 

Voltage = 1.5 volts 


Total charge = 2 ampere-hours* 
= 7200 coulombs. 


f * The term ampere-hours is used for the total charge 
instead of coulombs (1 coulomb — 1 ampere-second) for 
the same reason that kWh is used instead of joules. 


.'. the total energy available 
= 7200 coulombs x 1.5 volts 
10 800 joules 


10 800 
mECUS e 


= 3.0 x 10-? kWh 


LU 


Such a cell may retail at 256, and thus the cost 
is about $100 per kWh, very much more than 
the domestic electrical supply. 


m Example 14-3: A pop-up toaster is rated 
at 1000 watts. It takes 1 minute to toast two 
slices of bread. The cost of electricity is 
1.3¢/kWh. Calculate the electrical energy used 
and its cost. 


Solution: 
Energy = power x time. 
That is, E = Pt 
— (1000 watts) (60 sec) 
= 6 x 10* joules 


6 x 10* 
= Sight In 


= 1.7 x 10-? kWh 
As the cost is 1.3¢/kWh, the total cost will be 
Cost = (1.7 x 10-2 kWh) (1.3¢/kWh) 
= 0.022¢. 
.'. the energy used was 1.7 x 10~* kWh at a 
total cost of 0.022¢. 


ELECTRICITY AND HEAT 


= Example 14-4: Calculate the cost of warm- 
ing the water for a bath, using the figures sup- 
plied below. 

Area of bath = 4.0 x 2.0 sq ft 

Depth of water = 8.0 inches 

Temperature of bath water = 40°C 

Temperature of supply water = 15°C 

Cost of electricity = 1.3¢/kWh. 


Solution: We must first convert the dimensions 
to the metric system. 
Then area of bath 

= (4.0 x 30)(2.0 x 30) sq cm. 


Depth of water = 20 cm. 
.. the volume of water = 14.4 x 104 cc. 
.. the mass of water = 144 kg. 


The heat required to raise this mass of water 
from 15°C to 40°C is 
E, = (144 x 103) (40 — 15) calories 
= 36 x 10° calories 
= 15 x 10° joules, 
using the value 4.2 joules/calorie for the me- 
chanical equivalent of heat. (Remember that 
the specific heat capacity of water is 1 cal/g. 
deg.) 
Now 3.6 x 10? joules = 1 kWh, and there- 
fore the energy required 
15415510? 
7713.6 x 10° 
= 42 kWh. 
.. the cost = 4.2 kWh x 1.3¢/kWh 
= 5.5¢. 
*. it will cost 5.5¢ to heat the bath water. 


kWh 
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EXERCISES and PROBLEMS 


A 
1. Calculate the energy dissipated in a conductor 
of resistance x ohms when a current of y amps 
is in it for z seconds, with the following values of 
X, y and z. 


Reyatonce Current Time 
(a) x = 20 y= 2.0 z= 6.0 
(b) x = 20 y= 2.0 z=18 
(c) x = 20 y= 40 z= 6.0 
(d) x — 40 y= 40 z= 6.0 
(e) x = 40 ye 20 z= 18 


2. Calculate the energy dissipated when a current 
of a amperes is in a conductor for c seconds due 
to the presence of a voltage of b volts across the 
conductor, with the following values of a, b and c. 


Current Voltage Time 
(a) a = 2.0 b = 40 c= 60 
(b) a = 2.0 b = 40 c= 24 
(c) a = 8.0 b= 40 c=60 
(d) a = 8.0 b= 10 c= 60 
(e) a = 8.0 b= 10 c= 24 


3. Calculate the energy dissipated when a current 
is in a conductor of resistance x ohms for z sec- 
onds, there being a voltage difference of y volts 
across the ends of the conductor, with the follow- 
ing values of x, y and z. 


Resistance Voltage Time 
(a) x = 20 y —40 z= 60 
(b) x = 20 = 20 z= 6.0 
(c) x= 10 y= 20 z= 6.0 
(d) x= 10 y=20 zz12 
(e) x= 20 y=20 z= 6.0 
4. It is found that a total amount of energy, n 


joules, is produced in the form of heat when a 
current of m amperes is in a certain conductor 
for t seconds. Calculate the values of the resist- 
ance of the conductors in ohms and the voltages 
across the conductors with the following values 
of m, n and t. 


Current Energy Time 
(a) m=2.0 n= 480 t= 6.0 
(b) m= 4.0 n — 480 t= 60 
(c) m— 1.0 n — 480 t= 60 
(d) m — 2.0 n — 240 t— 60 
(e) m — 2.0 n= 240 t= 
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5. Express the following energies in terms of kilo- 
watt-hours: 

(a) 10.8 x 10° watt-seconds 

(b) 3.6 x 10? watt-seconds 

(c) 1.0 x 10* joules 

(d) 18 x 10* joules 


6. Neglecting the mass of any containing vessel, 
cooling effects, etc., calculate the rise of tempera- 
ture, in degrees centigrade, when x grams of water 
are heated by a current of i amperes for ¢ seconds 
in a conductor of resistance r ohms with the fol- 
lowing values of x, i, t and r. 


Mass Current Time Resistance 
(a) x= 1000 i = 2.0 = 10 r= 100 
(b) x= 2000 i=20 t=10 r= 100 
(c) x=2000 i240 t=10 r= 100 
(d) x= 2000 i=40 t=10 Eg 


7. In principle, a calorimeter could be used as a 
voltmeter. Calculate the potential difference across 
à conductor immersed in water when the rise in 
temperature of the water is w^C, the mass of the 
water is x grams, and for y seconds there is a 
current in the conductor of z amperes, using the 
following values: (Neglect the mass of the calori- 
meter, cooling effects, etc.) 


Temperature rise Mass Time Current 
(a) w= 50 x= 1000 y 210 z= 10 
(b w— 5.0 x= 1000 
(c) w 210.0 x = 1000 


8. A L5S-kW kettle and a 1.0-kW toaster are 
plugged into the same 110-volt outlet. What is 
the total current in the outlet circuit? 


9. Attached to the outlet mentioned in Question 8 
there is wiring that begins to heat if there is a 
current greater than 40 amperes in it. Estimate 
the rating of a suitable fuse to insert in the circuit 
to protect the wiring. 


10. A 1-kW electric toaster is designed to operate 
on 110 volts, and has a built-in fuse rated at 15 
amperes. It is sent as a present to Britain, a 
country in which the standard household voltage 
is 220 volts. It is there plugged into an outlet. 
Will it 

(a) work efficiently, 


(b) work, but with a very low heat output, or 
(c) blow a fuse? 


11. In return for the gift in Question 10, a 1.5-kW 
kettle manufactured in Britain for the domestic 
market there, is sent to North America. It is 
plugged into a circuit (in North America) fused 
for 20 amperes. Will the kettle 

(a) work efficiently, 

(b) work, but with a very low heat output, or 

(c) blow a fuse? 


12. A 60-watt bulb is left burning for 10 hours 
every night. Assuming that electricity costs 
1.36/ kWh, calculate the total cost after 10 nights. 


13. In a modern oil burner, an electric motor 
drives the oil pump and blows the oil into the 
burner. Such a motor may be rated at 0.2 kW , 
and may run on the average for 3 hours a day 
throughout the year. At 1.3¢/kWh, calculate 
the approximate cost of running this part of the 
oil furnace. If the total cost of heating is $200 
per year, what percentage of this whole cost is 
that of the motor? 


Cc 
14, Let E be the energy spent in a conductor of 
resistance R in time t, when the voltage across 
the conductor is V. Derive an expression for E, 
in terms of V, R, and t. 
15. Express power P in terms of the voltage drop 
V across a resistance R. 


16. In the text it is stated that a bath of water 
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in the bath is 150 kg and 
was raised from 15°C to 40°C, 


17. Try to find some figures pertaining to re- 
chargeable flashlights, and calculate the cost of 
the electricity used by them. 

18. A “kiloton of TNT” is used as a unit of 
energy in measuring nuclear bombs. It is equiva- 
lent to approximately 4 x 10!? joules. Calcu- 
late the amount of energy, in kilowatt-hours, in 
(i) a 20-kiloton bomb, (ii) a megaton (1000 kilo- 
ton) bomb. 

19. Canada has a total electrical consumption per 
year of about 10!! kWh. What proportion of 
this is the energy released by a 1 megaton fission 
bomb? (1 “kiloton” equals 4 x 107? joules.) 

20. In Chapter 8, Example 8-5, it was worked 
out that the potential energy possessed by the 
water pouring over Niagara Falls in one second 
was 29 x 10% joules. Using the information from 
Question 19, what proportion is this of the average 
power requirements of the whole of Canada? 
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THE MAGNETIC FIELD 
OF ELECTRICITY 


At the time of Sir William Gilbert it was neces- 
sary to distinguish between electrical and mag- 
netic attractions. Keeping them separate made 
it possible to define the properties of each 
separately. By 1800 it had been shown that 
both electric and magnetic forces between small 
objects vary inversely as the square of the dis- 
tance between the objects. Then, in 1820, 
H. C. Oersted demonstrated a definite relation 
between electricity and magnetism. 


THE MAGNETIC FIELD AROUND 
CONDUCTORS 


Oersted held a wire, which was connected toa 
battery of voltaic cells, above a magnetic com- 


Fig. 15-1. The Oersted medal of the American Association 
of Physics Teachers shows Hans Christian Oersted ob- 
serving that a compass needle can be deflected by a 
current carried in a wire above the needle, 


164 


pass needle, so that the two were parallel. 
When there was a current in the wire he ob- 
served that the compass needle was deflected 
from its usual direction (Fig. 15-1). The 
motion of electrons in a wire gives rise to a 
magnetic field about the wire. In Fig. 15-2 
the pattern of the magnetic field is shown with 
iron filings scattered onto a horizontal card 
through which is passing a vertical electric wire. 
Small magnetic compasses situated around the 
wire point along the circles of iron filings. 
Magnetic fields are pictured by means of 
magnetic field lines. The field lines indicate 
the direction and relative magnitude of the 
magnetic field at any point. The direction of a 
magnetic field at a point is the direction of the 


Fig. 15-2. 
Pass needles illustrate the 
the upward motion of electrons in a vertical wire. 


Iron filings scattered on a card and small com- 
magnetic field resulting from 


Fig. 15-3. A three-dimensional drawing is a help in 
visualizing the magnetic field due to a current in a wire. 


Fig. 15-4. When a wire is viewed from one end, electron 
flow away from the observer is represented by a cross, 
and electron flow towards the observer is represented 
by a dot. It may thus be seen that the left hand rule is 
illustrated in all three parts of this diagram. 


north pole of a magnetic compass at the point. 
Where the magnetic field is stronger the field 
lines are drawn closer together. Fig. 15-3 
represents a rectangular volume of space 
around a section of wire in which electrons are 
flowing. The directions of electron motion, 
and of the field lines are indicated by arrows. 
When viewed from the end, an arrow is either 
receding or approaching. If the arrow points 
away from you it is represented by a cross C 
and if it points toward you, by a dot (+). Fig. 
15-3 is a map of the magnetic field due to the 
current in the wire. 

The relation between the direction of elec- 
tron motion and the direction of magnetic field 
lines can be described simply by a left hand 
rule: 


Grasp the conductor in your left hand with the 
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thumb pointing in the direction of electron 
motion. The fingers, curled about the con- 
ductor, point in the direction of the magnetic 
field lines. 
Apply this rule to Fig. 15-2, and Fig. 15-3. 
To draw three-dimensional diagrams often 
requires considerable effort, and a cross-section 
diagram would be easier. Yet the left hand 
rule requires some indication of space rela- 
tions, since the field lines occupy a plane and 
the wire is perpendicular to that plane. In a 
cross-sectional diagram, it is often convenient 
to represent the wire perpendicular to the plane 
of the page. The direction of electron flow is 
shown by a cross or a dot. The magnetic field 
lines are then concentric circles about the wire. 
In Fig. 15-4, diagram (a) shows the relation 
when the conductor in (b) is viewed from the 
left end, and diagram (c) shows the relation 
when it is viewed from the right end. The left 
hand rule is followed in all three diagrams. 


(©) 
Fig. 15-5. These two diagrams and the photograph il- 
lustrate that when a conductor is made into a loop, the 


magnetic field in the enclosed space is increased. 
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The magnetic field in a section of space can 
be strengthened by looping the conductor 
around the space, as shown in Fig. 15-5. Dia- 
gram (a) shows the three-dimensional rela- 
tions; (b) is a cross-section when viewing the 
loop from the edge; (c) is a photograph that 
confirms the prediction of the left hand rule. 
Notice that each segment of the loop produces 
a magnetic field in the same direction within 
the loop. 


THE MAGNETIC FIELD AROUND COILS 


A magnetic field can be further strengthened by 
combining the effects of a number of loops, 
close together. The diagram and photograph 
in Fig. 15-6 illustrate the magnetic field of a 
conductor that has been coiled into the shape 
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Fig. 15-6, A magnetic field can be concentrated by loop- 
ing a wire into a coil. 


of a helix.* 
loops). 

The direction of the magnetic field lines due 
to a current in a coil can be related to the 
direction of electron motion by a second left 
hand rule: 


Grasp the coil in your left hand with the fingers 
pointing in the direction of electron motion. 
The extended thumb points in the direction of 
the magnetic field lines within the coil. 

Both left hand rules illustrate that magnetic 
field lines are perpendicular to the direction of 
electron motion. 

The similarity in the appearance of the mag- 
netic field of a coil, and the magnetic field of a 
bar magnet can be seen by comparing Fig. 15-6 
with Fig. 15-7. Since the north pole of a 


This coil has eleven turns (or 


* This arrangement is often called a solenoid. In all 
our discussions we shall use the word “coil.” 


Fig. 15-7. The magnetic field due to a bar magnet is 
similar to that due to current in a helix. 
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EXPERIMENT ll-4 
The Magnetic Field of Current In A Coil 


1. Connect a coil of wire in series in a circuit 
in which the current can be changed and 
measured. Arrange the coil on the bench 
so that its windings are in a north-south 
plane (so the axis of the coil points east- 
west). Place a compass needle near the 
coil along the line of the coil's axis. Turn 
the current on and off. What is the effect 
on the needle? 

. If you can trace the direction of electron 
motion through the coil, establish a relation 
between the direction of electron motion 
and the direction of the magnetic field lines 
as indicated by the compass needle. Reverse 
the connections to the coil. What is the 
effect on the compass needle? Does the 
same relation hold for electron motion in 
either direction? 

Plot the magnetic field of the coil by moving 
the compass needle to a number of different 
locations all around the eoil. Record the 
direction of the compass needle at each 
location by means of short arrows on a 
diagram. 

An estimate of the strength of the magnetic 
field of the coil can be obtained by noting 
the amount of deflection produced in a 
compass needle. With the current off, note 
the direction of the compass needle. Observe 
the angle through which the needle moves 
when the current is turned on. The compass 
should be far enough from the coil that the 


compass needle is repelled by the north pole of 
a bar magnet, we can say that the magnetic 
field lines of a bar magnet point out of its north 
pole (and thus, into its south pole). The 
interior of a magnet is difficult to explore, but 
by comparison with the magnetic field of the 
coil, we could assume that magnetic field lines 
within the magnet point from the south to the 
north pole. 


INDUCED MAGNETISM 


The photograph of Fig. 15-8 shows the iron 
filing pattern in the vicinity of the north pole of 
a bar magnet when a piece of soft iron is 
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deflection is less than 90°. At the same 
distance from the coil observe the deflection 
when the compass needle is on the line 
through the axis of the coil and for several 
locations not on that line. What differences 
do you observe? 


With the compass needle in a location that 
gives a deflection of about 45°, change the 
current in the coil and note the effect on 
the deflection. 


With the compass needle in a location that 
gives a deflection of between 30° and 45° 
insert a bar of soft iron into the centre of 
the coil. What is the effect on the deflection 
of the compass needle? How can you ac- 
count for the effect? 


If time and facilities permit, repeat Steps 
4 and 5 for a coil having a different number 
of turns. Adjust the current to the same 
values as before and note the deflection of 
the compass needle. 


. The measurements suggested here do not 
permit you to determine the exact numerical 
relations for the magnetic effects of an 
electric current. However, it should be 
possible for you to conclude which factors 
influence the magnitude of the magnetic 
field of a coil in which there is a current, and 
to state whether an increase in each factor 
produces an increase or a decrease in the 
magnetic field strength. 


Fig. 15-8. This photograph of iron filings shows that a 
piece of soft iron near the end of a bar magnet will 
concentrate the magnetic field due to the magnet. 
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Fig. 15-9. A bar of soft iron placed near the end of a 
bar magnet becomes itself an induced magnet. 


located there. The effect is to concentrate the 
magnetic field lines into a smaller space than 
they would occupy if there was air in that region 
instead of iron. The compass needles indicate 
that the right end of the iron bar has the prop- 
erties of the north pole of a bar magnet. The 
soft iron bar, placed in the field of the bar 
magnet, has been induced to be a magnet. The 
effect on the magnetic field lines is illustrated 
in the diagram of Fig. 15-9, 

Whenever any material is placed in a mag- 
netic field it changes the magnetic field strength 
in the space it occupies. For most materials 
the change is small enough to be neglected 
except in very exact physical investigations. 
However, the change may be quite appreciable 
in materials that contain iron, cobalt, or nickel. 
These three are called ferromagnetic elements. 
The change that a material can make in the 

magnetic field strength in a volume of space 
can be defined numerically by a quantity named 
permeability (symbol y, the Greek letter mu). 
The permeability of a material is the ratio of 
the magnetic field strength within it, to the 
magnetic field strength that would be present 
if the space occupied by the material were a 
vacuum. Permeability thus defined has no 
units. Its value may be as high as 105 in spe- 
cially designed alloys. A table of permeabilities 
is given in the Appendix. 
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MAGNETIC FIELD STRENGTH 


The strength of a magnet can be estimated by 
the magnetic force it can exert, e.g. the number 
of nails it can support against the force of 
gravity. Without assigning a definition, or 
units, we can talk about the magnetic field 
strength that a magnet can produce at a certain 
location in space. When the magnet is a coil 
of wire with a current in it, there should be 
ways of controlling its magnetic field strength. 

1. We have already seen that the number of 
turns has an effect on the magnetic field 
strength of a coil. 

2. If a magnetic field is associated with each 
moving electron, then the magnetic field 
would be expected to depend on the num- 
ber of electrons moving, and on the speed 
with which they move. Thus the magnetic 
field strength of a coil should depend on the 
current in the coil. 

3. If the coil is wound on a core material with 
a high permeability, that should increase its 
magnetic field strength. 

The magnetic field strength of a coil is thus 

found to vary directly as the permeability of 

the core (4), the number of turns in the coil 

(N), and the current in the coil CE: 

The effect of each of these factors on the 
magnetic field of a coil is illustrated in the dia- 
grams of Fig. 15-10. To indicate a stronger 
magnetic field the field lines are closer together 
and thus more numerous. 


MAGNETIC FIELDS AND FORCES 


Every ideal magnetic field line is a closed loop, 
although there is often not room on a diagram 
to show it at great distances. Where there is 
more than one magnetic field source in the 
same region, the shape of the field lines is 
changed. That is, the presence of a second 
Magnetic field distorts the shape of the first 
one. Physically, this means that a small mag- 
netic compass at each location takes a position 
along the resultant of the forces exerted on 
it by each magnet. In Fig. 15-11 are shown 
iron filing photographs of two magnets be- 


Fig. 15-10. The magnetic field of a helix depends on the 
number of turns in the coil, on the current in the coil, and 
on the material forming the core of the coil. 


tween which there is a force of attraction with 


magnets end to end in (a) and side by side in 


(b). In Fig. 15-12, where two magnets are 
arranged with a force of repulsion between 
them, the field lines seem to be competing for 


Fig. 15-11. When two magnets are placed in proximity 
either end to end or side by side, the north pole of one 
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the same space, and appear to repel one 
another. 

In Fig. 15-9, the induced magnetism of the 
soft iron bar results in a force of attraction 
between it and the magnet. The arrangements 


close to the south pole of the other, there is a force of 
attraction between them. 
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Fig. 15-12. When two magnets are placed in proximity 
either end to end or side by side, with like poles near one 
another, there is a force of repulsion between the two 
magnets, 


in Fig. 15-9 and Fig. 15-11 thus conform 
to the rule that unlike poles attract, while Fig. 
15-12 illustrates that like poles repel. These 
two rules are sufficient to describe all actions 
of magnetic forces. The relation of the direc- 
tions of field lines of attracting and repelling 


EXERCISES and PROBLEMS 


A 


1. (a) Draw an O on your page with a dot in it 

to represent electrons moving in a wire out of 
the plane of the page. Draw a circle around 
the O with several arrows on it to represent 
the direction of the magnetic field about the 
wire. 
(b) Draw another O with an x in it to repre- 
sent electrons moving in a wire into the plane 
of the page. Draw a circle around the O with 
several arrows in it to represent the direction 
of the magnetic field about the wire. 


2. (a) Draw two parallel vertical lines about 3 cm 
long close together on your page to represent 
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magnets should be noted carefully. In suc- 
ceeding chapters we shall encounter situations 
where magnetic poles cannot be identified. The 
direction of the force between two sources of 
magnetic field can then be deduced only from 
the relative directions of their field lines. 


a conductor. With an arrow indicate that the 
direction of motion of electrons is north, to- 
wards the top of the page. Draw a compass 
needle in the position you would expect to find 
it with the conductor in a plane above the 
compass. Mark the poles of the compass 
needle N and S. 
(b) Repeat the procedure of part (a) when the 
direction of motion of electrons is south, to- 
ward the bottom of the page. 
3. A compass needle is pointing in its normal 
north-south direction. In what direction must 
electrons move in a conductor beneath the com- 


Pass, in order not to cause the compass needle 
to move? 


4. Draw a rectangle about 1 cm by 5 cm on your 
page with its long dimension horizontal. If the 
rectangle represents a bar of steel to be mag- 
netized, draw a few loops of a coil about the rec- 
tangle, showing the direction of electron motion 
necessary to make the left hand end of the bar 
a north magnetic pole. 


5. Draw a narrow rectangle on your page to rep- 
resent a bar of steel. Draw one or two coils 
around the bar, indicating the direction of elec- 
tron motion, to show how the bar could be mag- 
netized with a north pole at its centre and a south 
pole at each end. 


6. Insulated copper wire is wrapped with the turns 
close together in a single layer around a card- 
board cylinder. A soft iron bar fits snugly into 
the cylinder. The ends of the copper wire are 
connected to two dry cells in series. The electro- 
magnet so constructed can support a weight of 

1 newton. What change would you expect in 

the weight that could be supported if 
(a) the soft iron bar was removed, 

(b) with the soft iron bar in place, the coil 
was connected to four dry cells in series? 

7. A coil of 750 turns is wound using 500 feet 
of copper wire. Connected to a 6-volt battery, 
the coil with a soft iron core can support a weight 
of 3 newtons. What change would occur in the 
weight that could be supported using the same 
battery if 375 turns were removed from the coil, 
the 250 feet of wire being discarded? 

8. (a) What are the rules that describe the actions 
between like magnetic poles, and between un- 
like magnetic poles? 

(b) Describe the directions of the magnetic 
field lines between two bar magnets laid side 
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by side with like poles adjacent. 
(c) Describe the directions of the magnetic 
field lines between two bar magnets laid side 
by side with unlike poles adjacent. 
9. Magnetic forces can be described as if they 
were exerted between the magnetic field lines of 
the magnets. 
(a) What is the magnetic force between mag- 
nets having field lines that are parallel (that is, 
that point in the same direction)? 
(b) What is the magnetic force between mag- 
nets having field lines that are anti-parallel 
(that is, that point in opposite directions)? 


B 
10. Describe the details of the attraction of a 
permanent magnet for a soft iron nail in terms 
of magnetic induction. (Recall the similar argu- 
ment for electric charges in Chapter 11.) 
11. (a) What is the direction of the magnetic field 
lines of the earth's magnetic field? 
(b) If a steel ship is built with its bow pointing 
north, the hammering during construction 
often results in the ship being magnetized. 
Which end will have a north polarity? 
(c) Is there any tendency for a magnetized 
steel ship on the North Atlantic to be drawn 
northward by magnetic forces? 
(d) Is the ship's motion affected in any other 
way by magnetic forces? 
12. By drawing diagrams to show the directions 
of magnetic fields about conductors perpendicu- 
lar to the page, determine whether conductors 
in which electrons are moving will tend to attract 
or repel each other when the electrons are travel- 
ling in opposite directions, and in the same direc- 
tion. 
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ELECTROMAGNETIC FORCES 


While there are a number of applications 
for permanent magnets, electromagnets have 
proved to be much more versatile. An electro- 
magnet can be energized by the flick of a 
switch, and de-energized by another flick. In 
addition, electromagnets can be made with 
magnetic fields many times stronger than any 
permanent magnet. In this chapter we shall 
consider applications in which electromagnets 
exert forces on magnetic materials, and then go 
on to applications in which the electromagnet 
is a moving coil in a magnetic field. 


. ELECTROMAGNETS 


Electromagnets are designed to produce an in- 
tense magnetic field in the working area. The 
lifting electromagnet illustrated in Fig. 16-1 has 
a core made of soft iron or of a high-permea- 
bility alloy. The magnetic field lines are largely 
confined within the core except on the bottom 
surface where the magnetic force is exerted. 
The space within the core is filled with a coil 
of many turns of copper wire. The resistance 
.of the wire will influence the current in it. 
Thicker wires have less resistance and there- 
fore allow more current to pass, but they each 
occupy more space. A compromise choice of 
wire size is made to make the product of the 
number of turns and the current as large as 
possible. Electromagnets of this design may 
be able to support loads that are hundreds of 
times the weight of the magnet. 
A horseshoe of iron with coils on its legs is 
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used effectively in the devices illustrated in 
Fig. 16-2. In each of the diagrams there is a 
movable bar of iron called the armature, which 
is mounted on a pivot. When the electromag- 
net is energized by closing the switch the arma- 
ture is drawn toward the magnet. When the 
switch is opened, a spring pulls the armature 
away from the magnet. The "click clack” of 
the telegraph sounder illustrated in Fig. 16-2(a) 
is produced by the armature striking A when 


Core 


Coil 


(b) 


Fig. 16-1. A lifting electromagnet consists of a soft-iron 
core round whose centre is wound a coil of wire. 


(a) (b) 


Fig. 16-2. A horseshoe electromagnet arranged to attract 
an iron armature mounted on a pivot can be used to 


the switch is closed, and by its striking B on 
the opening of the switch. An extension on 
the armature could be used to ring a gong 
when the switch is closed or opened, or both. 

In Fig. 16-2(b) the armature has been made 
the switch in a second circuit. Such a device is 
called a relay. When the switch S is closed 
the armature closes the relay circuit to light the 
lamp. The relay circuit could be arranged 
with the contact at B instead of A so that the 
lamp will be alight as long as switch S is open. 
Relays are widely used in electrical circuitry in 
an application akin to amplification (see Chap- 
ter 31). A sensitive electromagnet circuit 
can be arranged to actuate the armature switch 
for currents in the coil of 1 mA or less. The 
current in the relay circuit, on the other hand, 
might be 1 A or more. In a relay a small 
current can control a much larger one. 

In Fig. 16-2(c), the armature switch is 
made a part of the electromagnet circuit. When 
the main switch is closed the armature moves 
towards the electromagnet, and breaks the con- 
tact at B. With the electromagnet de-energized 
the spring pulls the armature back to contact 
B. Once more the magnet is energized, the 
armature pulls away, and the cycle is repeated. 
As long as the main switch is closed, the arma- 
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operate’ many devices such as (a) a telegraph sounder, 
(b) a relay and (c) a buzzer or bell. 


ture vibrates back and forth. This is the basic 
circuit of an electric buzzer, or, with hammer 
and gong attached, of an electric bell. 


A CONDUCTOR IN A MAGNETIC FIELD 


A conductor with an electric current in it has 
a magnetic field around it. If the conductor 
is placed in the magnetic field of a horseshoe 


©) 


Fig. 16-3. There is a magnetic force between a conductor 
carrying a current and a horseshoe magnet, as a result of 


the interaction of the two magnetic fields. The directions 
of the field lines can be used to deduce the direction of 
the force. The conductor experiences a force of repulsion 
from the side where the field lines point in the same 
direction, and of attraction from the side where the field 
line directions are opposite. 
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(a) 


magnet (either a permanent magnet or an elec- 
tromagnet), there might be expected to be a 
force between the two magnetic fields. From 
the discussion in Chapter 15 we should be able 
to predict the direction of the force. Fig. 16-3 
Tepresents a cross-section of a horseshoe mag- 


Fig. 16-5. The force between a magnet and a conductor 
carrying a current is strongest when the current in the 


conductor is perpendicular to the magnetic field. The 
force on the conductor will be at right angles to both the 
current and the magnetic field, 
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Fig. 16-4. The apparatus 
shown can be used to il- 
lustrate the interaction of a 
magnetic field due to a 
magnet with a magnetic 
field due to a current in a 
wire, 


(b) 


net with a conductor perpendicular to the line 
between its poles. Electrons in the conductor 
are moving into the page. (A small number of 
field lines has been used to make the deduction 
clear.) The field about the conductor is anti- 
clockwise, according to the left hand rule. On 
the left the field lines of conductor and magnet 
are parallel (in the same direction) and on the 
right they are anti-parallel (that is, parallel, 
but pointing in opposite directions). From the 
(b) parts of Fig. 15-11 and Fig. 15-12 we can 
predict that the conductor will experience a 
force to the right. The prediction can be 
checked using the apparatus shown in Fig. 16-4. 
Photograph (a) shows the location of the con- 
ductor when the current is zero. The effect of 
the force between the magnet and the con- 
ductor when there is current in the conductor 
is evident in (b). The directions in the photo- 
graph agree with the prediction from Fig. 16-3. 

The three dimensional nature of the arrange- 
ment is made clear in Fig. 16-5. The force 
between magnet and conductor is strongest 
when the conductor is perpendicular to the 
magnet's field lines, and the force is exerted in 


a direction perpendicular both to the conductor 
and to the field lines. The existence of a force 
on a conductor in a magnetic field is often 
called the motor principle: 


A conductor in which electrons are moving 
perpendicular to an external magnetic field ex- 
periences a force which is perpendicular both 
to the conductor and to the magnetic field lines. 


The actual shape of the magnetic field lines in 
this situation is illustrated in Fig. 16-6. Note 
that the conductor moves in the direction away 
from the concentrated field lines.* 

Careful measurements have shown that the 
force between a conductor and a magnet varies 
directly as the magnetic field strength and the 
current in the conductor. The dependence of 
the force on the current is used in a direct 
application of the motor principle. Fig. 16-7 
illustrates the basic structure of a radio speaker. 
A coil of fine wire of small mass is centred 
within the circular gap of a permanent magnet. 
This voice coil is wound on a thin cylindrical 
form to which is attached a paper cone. A 
varying electric current in the voice coil results 
in a varying force between the magnet and the 
coil. As a result the coil moves back and forth 
parallel to the axis of the magnet. Thus the 


* The combined effect of parallel and circular mag- 
netic field lines produces a pattern which is identical to 
the pattern produced by combining parallel and circular 
stream-lines for a spinning ball as shown in Fig. 9-8. 
The ball, however, moves towards the concentration of 
stream-lines. 


Permanent magnet 


_will be as shown here. 
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Fig. 16-6. When electrons are flowing through a conductor 
at right angles to a magnetic field, the resultant field lines 
The conductor will experience a 
force in a direction away from the greatest concentration 
of the field lines. 


speaker cone is made to vibrate in step with 
the current supplied to the voice coil. In 
Chapter 32 is described the basis of the system 
by which a radio can produce a varying electric 
current that corresponds to the sounds from the 
broadcasting studio. From this current the 
speaker is able to reproduce the sound in your 
living room. 


ELECTRIC METERS 


If a coil is located in a magnetic field in the 
position shown in Fig. 16-8(a), a current 


Fig. 16-7, The presence of a force 
between a magnet and a wire 
carrying a current is the basic 
principle in the operation of one 
type of radio speaker. The force 
on the wire is proportional to the 
current in the wire, and therefore 
in the speaker the varying current 
in the coil will cause a varying 
force on the coil, which in turn 
will cause the speaker to vibrate 
and so reproduce the sound. 
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(a) 
Fig. 16-8. In a galvanometer, a coil is arranged so that 
when a current passes through the coil there is a turning 


through the coil will result in a force between 
the magnet and the coil The force varies 
directly as the current in the coil. The top of 
the coil has a north polarity, and the bottom, 
a south polarity, so that the force on both ends 
tends to produce an anti-clockwise rotation 
of the coil. In the photograph of Fig. 16-8(b) 
the flat coil spring provides a variable force to 
oppose the magnetic force. The spring acts 
to measure the magnetic force, in the same way 
that a spring balance is used to measure gravi- 
tational forces. The amount of rotation varies 
directly as the current in the coil. This arrange- 


Fig. 16-9. A galvanometer 
may be arranged so that 
it will measure current in 
either direction through its 
coil. 
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(b) 


effect on the coil. The extent of this turning effect is 
measured by a pointer on a scole. 


ment forms the basis of the current measuring 
device called a galvanometer. Within the coil 
is a stationary soft iron cylinder, which serves 
to increase the magnetic field strength within 
the coil. 

The complete arrangement of a galvanome- 
ter is shown in Fig. 16-9. This meter is also 
called a milliammeter because the needle is 
deflected from 0 to 1 when the current in the 
coil is 1 mA. With the needle in the centre 
of the scale for no current in the coil, the 
needle will deflect to the right for electrons 
moving in one direction through the coil, and 


o— 


Fig. 16-10. A galvanometer 
can be adapted as a voltmeter 
by adding a high resistance to 
it in series. 


Ry 


to the left for electrons in the opposite direc- 
tion. The galvanometer is thus able to indi- 
cate both the magnitude of small currents and 
the direction of the electron motion. 

A current of 2 mA provides enough force to 
move the needle of the galvanometer from one 
side of the scale to the other. This meter move- 
ment is then said to have a full scale deflection 
of 2 mA. The resistance of the meter is 50 
ohms. These two measurements are used to 
identify the characteristics of any meter. Mov- 
ing coil galvanometers constructed like the 
one illustrated provide the basic movement (or 
structure) for electric meters used to measure 
currents or voltages over a wide range. But 
in all cases the current limitation of the meter’s 
coil must be recognized. In the particular 
meter we are considering, 2 mA is the maxi- 
mum current that may be applied to the coil. 

For a circuit of fixed resistance, the voltage 
across any part of the circuit varies directly as 
the current through the circuit (Ohm’s law). 
How can a galvanometer be modified to give 
a deflection that varies directly as the voltage 
across its terminals? In Fig. 16-10, a galva- 
nometer is connected in series with a dry cell 
and a resistor (R,). Since the meter with its 
50-ohm resistance would likely draw more than 
the 2 mA of current that its coil can handle, a 
resistor must be provided to limit the current. 
The value of R, can be calculated according to 
the following example. 


m Example 16-1: A galvanometer having a 
resistance of 50 ohms has a full scale deflection 
of 2 mA. Calculate the value of the series 
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ui SECURE 


resistor that will give full scale deflection when 
meter and resistor are connected across two 
points between which there is a potential dif- 
ference of 1 V. 


Solution: The current in the circuit is 
I 22 mA = 0.002 A. 
The potential difference across meter and re- 
sistor is 
V — 1 volt. 
The resistance of resistor and galvanometer is 


SON 
doro. 

~ 0.002 A 
= 500 ohms. 


Since the resistance of the galvanometer is 50 
ohms, the resistance of the series resistor is 
Be = 500.— 50) ohms 
= 450 ohms. 
.'. the resistor is required to have a resistance 
of 450 ohms. 


As shown in Fig. 16-10, a voltmeter consists 
of a galvanometer in series with a high resist- 
ance. In Chapter 13 we saw that a voltmeter 
is connected across two points to measure the 
potential difference between them. Now we 
have found that a voltmeter must have a high 
resistance to protect the coil of the galvanome- 
ter movement. In addition, the high resistance 
of the voltmeter means that it will take only a 
small fraction of the current in the circuit. It 
must be noted that this type of voltmeter re- 
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1 ohm 


quires some current to be able to produce a 
reading. Thus the connection of a voltmeter 
into a circuit changes the circuit. The higher 
the resistance of the voltmeter, however, the 
smaller is its effect on the circuit. 

The measurement of the current in a circuit 
requires an ammeter connected into the circuit 
in series. For it to have a minimum effect on 
the circuit its resistance should be as small as 
possible. What arrangement can be made to 
reduce the resistance of a 50-ohm galvanome- 
ter? From the discussion of parallel resistors 
in Chapter 13, it is evident that the parallel 
combination of the galvanometer with a re- 
sistor having 1% of its resistance would have a 
total resistance just less than 1% of the gal- 
vanometer’s resistance. A low resistance con- 
nected in parallel with a galvanometer. is called 
a shunt resistance. The shunt lowers the 
effective resistance of the galvanometer, and 
it will carry most of the current, thus protect- 
ing the moving coil. The arrangement in Fig. 
16-11 shows the adaptation of a galvanometer 
to measure larger currents than the 2 mA that 
its coil can withstand. The value of the shunt 
resistance R, can be calculated according to the 
following example. 


M Example 16-2: A galvanometer having a 
resistance of 50 ohms has a full scale deflection 
of 2 mA. Calculate the value of the shunt 
resistor that will give full scale deflection when 
meter and resistor are connected in a circuit 
carrying 1 A, 


Solution: In the circuit illustrated in Fig. 16-11, 
à coil of wire of resistance 1 ohm is connected 
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Fig. 16-11. A galvanometer 
can be adapted as an ammeter 
by adding a low resistance in 
parallel with it. 


o 


to a dry cell of potential difference 1 V. The 
current in the circuit is 


ESV AREA, 
The current that the galvanometer may carry is 
I, 2 2 mA = 0.002 A. 
The resistance of the galvanometer is 


R, = 50 ohms. 
The voltage drop across the galvanometer is 
Vs sl Re 
= (0.002 A) (50 ohms) 
= 0.1 volts. 


In the parallel connection, the voltage drop 
across the shunt resistor is also 

V, = 0.1 volt. 
For conservation of charge, the current in the 
shunt must be the difference between the total 


current and the current in the galvanometer. 
It is 


Lo T 
= 1.000 A — 0.002 A 
= 0.998 A, 
The resistance of the shunt is 
V 
R= T 
A gO 
~ 0.998 A 
= 0.1002 ohm. 


-. the required resistance of the shunt is 0.1 
ohm. 


Because of the accuracy of the quantities, the 
resistance of the shunt must be expressed sim- 
ply as 0.1 ohm, and the net resistance of gal- 


vanometer and shunt in parallel is also 0.1 ohm 
for all practical purposes. Notice that con- 
necting the ammeter to measure the current 
increases the resistance of the circuit from 
1 ohm to 1.1 ohms. The accuracy with which 


RCISES and PROBLEMS 


A 


1. Draw a diagram of a horseshoe electromagnet 
showing the direction of electron motion in the 
coil on each leg. Add to the diagram a soft iron 
bar across the ends of the legs a short distance 
from them. Sketch a few magnetic field lines 
between the legs and the iron bar, showing their 
direction. 

2. A sketch of a small number of magnetic field 
lines is sufficient for deducing the direction of the 
force between a horseshoe magnet and a con- 
ductor in which there is a current. Make such a 
sketch for a conductor in which electrons are 
moving out of the plane of the page in a conductor 
located between the poles of a horseshoe magnet, 
north pole on the left and south pole on the right. 
In which direction will the conductor tend to 
move? 

3. A horseshoe magnet is lying on the table with 
its open side toward you, north pole on the left. 
A rectangular loop of wire is situated in a hori- 
zontal plane between the legs of the magnet. 

(a) Make an end-on sketch to show the direc- 
tion that electrons will have to move through 
the loop so that its left hand side will experience 
an upward force, and its right hand side a 
downward force. 

(b) If the loop is free to move what will be its 
motion under the action of the forces described 
in (a)? 

(a) A short bar magnet is pivoted between 
the poles of a horseshoe magnet with the north 
on the left. Describe the motion of the bar 
magnet from a position in which its north pole 
is pointing up, perpendicular to the field lines 
of the horseshoe magnet. 

(b) Imagine that you are looking down onto a 
horseshoe magnet with its north pole on the 
left. Between the poles is a rectangular bar of 
iron magnetized by a coil of wire encircling it 
in the plane perpendicular to your line of sight. 
If the end of the iron bar facing you is tending 
to move to the left, in what direction are 
electrons moving in the coil around the bar? 
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a measurement can be made depends upon the 
influence that the measuring process has on 
the quantity being measured: the smaller the 
influence, the greater is the accuracy obtain- 
able. 


5. A galvanometer having a resistance of 50 ohms 
has a full scale deflection of 2.0 mA. Calculate 
the value of the series resistor that will give full 
scale deflection when meter and resistor are con- 
nected across two points between which there is 
a potential difference of 10.0 volts. 


6. An idea of the operation of shunts in electric 
meters can be obtained from the following 
example. Imagine that between two cities there 
is a wide, straight toll highway. Just before the 
entrance to the toll gates there is access to a 
second route between the cities, a narrow winding 
dirt road. (We might say that the resistance of 
the highway is much less than that of the dirt 
road.) On the average, for every one thousand 
cars that enter the highway, three take the dirt 
road. During 4 hours on a Friday evening in 
summer, an old lady sitting by the side of the dirt 
road counted 24 cars passing. What was the 
current (in cars per hour) on the highway? 


7. Calculate the value of the resistance of 100.0 
ohms in parallel with 1.00 ohms. 


8. What is the current (a) in a 1.0-ohm resistor, 
and (b) in a 100-ohm resistor, when the two are 
connected in parallel to a 10-volt battery? 

9, A galvanometer of 50 ohms resistance has a 
full scale deflection of 2 mA. Calculate the value 
of the shunt resistor that will give full scale deflec- 
tion when the meter and the shunt connected in 
parallel to it are connected in a circuit with a 
current of 10 amperes. 


B 
10. (à A cylinder of soft iron is suspended 
from a spring balance so that its lower end is 
just inside the top of a coil of wire of many 
turns. Draw a diagram showing magnetic field 
lines to describe the action when there is a 
current in the coil. 
(b) Describe how you might use this apparatus 
as an ammeter. 
(c) Would the apparatus continue to work ef- 
fectively if the direction of electron motion in 
the coil was regularly reversed, so that the 
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current values were (for example) alternately 
--2 amperes and —2 amperes? 
11. Draw a diagram to determine the direction of 
the force on a conductor in a magnetic field when 
the direction of the field lines is to the left, and the 
direction of electron motion is up. 
12. A galvanometer has a full scale deflection of 
10—* ampere and a resistance of 100 ohms. Calcu- 
late 
(a) the value of the series resistor needed to 
use the galvanometer to measure potential 
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differences up to 10 volts; 

(b) the value of the shunt resistor needed to 
use the galvanometer to measure currents up to 
1.0 ampere. 


13. For a radio circuit you wish to measure 
currents ranging between 40mA and 80mA. You 
have available two meters, one with a full scale 
deflection of 10 mA, and the other with a full 
scale deflection of 1.0A. Assuming that you have 
wire to make suitable shunts, which meter would 
you use? 
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INDUCTION 


Michael Faraday was an English experimental 
scientist whose researches were inspired by a 
strong conviction that there was a basic sim- 
plicity and generality in natural events. Within 
a year of Oersted's discovery that a magnet 
near a conductor moved when there was a cur- 
rent in the conductor, Faraday had reversed 
the effect in a device in which a wire moved 
around a magnet when there was a current in 
the wire. There are not two effects, but only 
one: there is a force between a magnet and a 
wire carrying a current. Faraday was anxious 
to show a more complete interrelation between 
electricity and magnetism. His thoughts ran 
along the following line: “I know that an elec- 
tric current can produce magnetism. I think 
that it should be possible to show that mag- 
netism can produce an electric current.” 

It took Faraday ten years to discover the 
effect, but his persistence was rewarded in 
1831. In this chapter we seek to answer the 
question: “How can magnetism be used to 
produce electricity?” 


MAGNETIC FORCE 

ON ELECTRONS 

In Chapter 15 we saw that the motion of elec- 
trons through a wire creates a magnetic field 
around the wire, and we saw in Chapter 16 
that when electrons are moving in a wire lo- 
cated in a magnetic field there is a force on the 


wire. When the wire is perpendicular to the 
magnetic field lines, the force on it is perpen- 
dicular both to the wire and to the magnetic 
field lines. In the situation of Chapter 16 the 
electron motion resulted from a voltage applied 
across the ends of the wire. But the result is 
completely general: 


Whenever an electron moves perpendicular to 
a magnetic field it experiences a force. 


Fig. 17-1(a) illustrates a wire being pulled 
through a magnetic field. Since electrons are 
moving with the wire they experience a force. 
But the force, being perpendicular to the direc- 
tion of motion, is along the wire. The elec- 
trons will move along the wire as a result of 


When a conductor is pulled through a magnetic 
field, it will experience a force at right angles both to the 
field and to the direction of motion. This will cause elec- 


Fig. 17-1. 


trons in the conductor to flow. 
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this force, and their motion is an electric cur- 
rent. The diagram of Fig. 17-1(b) illustrates 
the relations between the directions. When 
a conductor is moved broadside through a mag- 
netic field perpendicular to it, there is a cur- 
rent in the conductor. This is the effect of 
electromagnetic induction that Faraday sought. 


DEMONSTRATION OF ELECTROMAGNETIC 
INDUCTION 
A powerful magnet and a sensitive galvanome- 


ter are needed to show electromagnetic induc- 


EXPERIMENT Il-5 
Study of Electromagnetic Induction 


Connect a coil of 500 or more turns to a 
galvanometer as in Fig. 17-2. Move a 
strong bar magnet into and out of the coil, 
both slowly and quickly. Note the galva- 
nometer reading for each motion. Use each 
pole of the magnet in turn. 


Repeat the procedure with a weaker bar 
magnet. 


Connect a second coil with a different num- 
ber of turns in series with the first coil and 


the galvanometer. Insert the strong bar 
magnet at the same rate into each coil in 
turn and compare the readings on the galva- 
nometer, 

Draw up a table to show the relation be- 
tween the direction of galvanometer deflec- 


Fig. 17-2. When a bar magnet 
is moved into or out of a coil of 
wire, a current is generated in 
the coil. 


tion with a single conductor. The effect is 
much greater when using a coil of many turns. 
If such a coil is connected to a galvanometer, as 
in Fig. 17-2, there will be an indication of cur- 
rent each time a bar magnet is thrust into the 
coil, or removed from it. Current is indicated 
only when there is relative motion between the 
coil and the magnet. After trying a number 
of variations, we can conclude: 


Whenever the magnetic field within a closed 
circuit changes, there will be a current induced 
in the circuit. 


tion and the poles and directions of motion 
of the bar magnet. 

From your results decide what factors have 
an influence on the strength of the induced 
current. 

How do the speed of relative motion be- 
tween magnet and coil and the strength of 
the magnet affect the strength of the induced 
current? 

Test whether there is any difference between 
moving the magnet in the coil or moving 
the coil relative to the magnet. 

What is the effect of the number of turns 
in the coil on the strength of the induced 
current? 

Summarize your results to show what fac- 


tors affect the induced current and how they 
affect it. 


This conclusion can be tested in a number 
of ways: 
(a) In Fig. 17-1(a), the closed loop is being 
drawn through the magnetic field so that 
the fraction of the magnetic field within 
the loop is decreasing. 
When a bar magnet is thrust into a coil as 
shown in Fig. 17-2, the magnetic field 
within the coil is increasing. 
When the bar magnet is withdrawn from 
the coil the magnetic field is decreasing. 
If the bar magnet is held motionless, the 
magnetic field within the coil is unchanged. 
No current passes through the coil. 
If the bar magnet is held part way into 
the coil and then moved back and forth 
in a direction perpendicular to the axis of 
the coil, the magnetic field within the coil 
is unchanged, and no current passes 
through the coil. 
(f) If the loop in Fig. 17-1(a) is moved about 

without changing the magnetic field within 
it, there is no current in the wire. 


(b) 


(c) 
(d) 


(e) 


Faraday's first observation of electromag- 
netic induction involved changing the magnetic 
field within a coil in a way different from any 
so far mentioned. He had two coils of insu- 
lated wire wound around an iron ring with 
no electrical connection between the two coils. 
As shown in Fig. 17-3, Coil A was connected 
in series with a switch and a battery. Coil B 
Was connected to a galvanometer. At the 
moment of closing the switch, Faraday ob- 
Served "immediately a sensible effect on the 
needle" of the galvanometer. From the direc- 
tion of the deflection of the needle he could 
deduce the direction of the current. Then, 

When the contact with the battery was broken 
the motion of the needle was as if a current 
in the opposite direction existed for a moment." 

In this experiment Faraday was changing the 
magnetic field within Coil B by using Coil A as 
an electromagnet, which he turned on and off. 
When the switch is closed electrons flowing in 
Coil A produce a magnetic field in the iron 
Ting. As this field builds up from zero to its 
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Fig. 17-3. Two coils of wire are wound as shown round 
a ring of soft iron. As the current in one coil is created 
or destroyed, there will be a momentary pulse of current 
in the other coil due to magnetic induction. 


final value, it is changing within Coil B and 
a current is induced. When the magnetic field 
reaches a steady value, there is no current in 
Coil B. When the switch is opened the elec- 
trons in Coil A cease to flow and the magnetic 
field in the iron ring collapses to zero. As the 
magnetic field within B decreases, there is an 
induced current in Coil B. The electrons move 
in the opposite direction this time, which is to 
be expected from observations using bar mag- 


nets. 


MAGNITUDES IN ELECTROMAGNETIC 
INDUCTION 
From Ohm’s law we know that the current ina 
circuit depends on the potential difference pro- 
vided by the source and on the resistance of 
the circuit. Then the induced current in a coil 
connected to a galvanometer will depend on 
the resistance of the coil and galvanometer. 
To avoid this complication it is usual to speak 
of the induced potential difference between the 
ends of a coil in which there is a changing mag- 
netic field (since the potential difference is not 
affected by the resistance in the coil and gal- 
vanometer). Of course, as long as there is - 
no change in the resistance of the complete 
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circuit, the induced current varies directly as 
the induced potential difference. Accurate 
measurements confirm the following relation 
between the quantities in electromagnetic in- 
duction: 


When the magnetic field within a coil changes, 
the induced potential difference varies directly 
as the product of the number of turns in the 
coil and the rate of change of the magnetic 
field. 


We can look upon this process, then, as a 
source of electrical potential difference, and 
just as a voltaic cell can maintain a potential 
difference between its terminals, so a potential 
difference can be maintained between the ter- 
minals of a coil as long as there is a changing 
magnetic field within the coil. The voltaic cell 
transforms chemical potential energy into the 


Fig. 17-5. The field lines between attracting N-S poles 
of two end-on magnets are parallel. Those between 


Fig. 17-4. If a long bar 
magnet is being pushed 
into a long coil of wire, 
a current will be induced 
in the coil. The magnetic 
field due to this induced 
current will either assist 
or oppose the motion of 
the magnet. For energy 
to be conserved the mag- 
netic field of the induced 
current must oppose the 
motion of the magnet. 


energy of moving electrons. In Faraday’s 
apparatus of Fig. 17-3, the electrons in Coil A 
have kinetic energy that is transformed to mag- 
netic energy in the iron ring. The magnetic 
energy is then transformed into the kinetic 
energy of electrons in Coil B, If you move a 
magnet in and out of a coil, then you are pro- 
viding the energy. The induced electrical 
energy comes from whatever energy source is 
used to change the magnetic field. 


CONSERVATION OF ENERGY 


Moving a magnet within a coil of wire is a 
means for transforming energy from some other 
form into electrical energy. Then we should 
expect the principle of the conservation of 
energy to apply to the transformation. Imagine 
a long bar magnet on wheels being pushed into 


repelling N-N poles of two end-on magnets are anti- 
parallel. 


a long coil of wire, as illustrated in Fig. 17-4. 
The changing magnetic field within the coil 
will cause a motion of electrons through the 
coil. That motion will provide the coil with 
its own magnetic field. The coil's magnetic 
field has its field lines along the axis of the coil. 
The field lines will either be parallel or anti- 
parallel to the field lines of the bar magnet. As 
shown in Fig. 17-5, field lines between the 
attracting N-S poles are parallel, while field 
lines between repelling N-N poles are anti- 
parallel. 

Suppose, that as the magnet is inserted in 
the coil, the induced electron motion is in the 
direction that produces field lines in the same 
direction as those of the bar magnet. The 
initial motion of the magnet would induce a 
small current and that would produce a small 
magnetic field within the coil. With field lines 
in the same direction there would be a force 
of attraction between the coil and the bar mag- 
net. That force would move the magnet faster, 
inducing a greater current, giving the coil a 
greater magnetic field, producing a stronger 
force of attraction on the bar magnet, making 
it move faster, inducing a greater current, . . . 
and the apparatus would continue to move 
by itself without further pushing. Such a 
state of affairs is contrary to experience and 


Fig. 17-6. When a bar magnet is pushed into or with- 
drawn from a coil, the direction of electron flow in the coil 
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to the principle of energy conservation. The 
kinetic energy of the magnet induced the kinetic 
energy of electrons in the coil. The total of the 
kinetic energy of the electrons and the bar mag- 
net cannot exceed the initial kinetic energy of 
the bar magnet. 


DIRECTIONS IN ELECTROMAGNETIC 
INDUCTION 


The supposition in the preceding paragraph 
must be wrong; the direction of the field lines 
of the coil must be opposite to the field lines of 
the bar magnet. And the direction of electron 
motion must conform to the left hand rule of 
Chapter 15. 

The principle of energy conservation makes 
us confident to suggest that the magnetic field 
of the induced electron motion opposes the 
change in the inducing magnetic field. So if 
the north pole of the bar magnet is withdrawn 
from the eoil the induced magnetic field 
opposes the withdrawal, which means that the 
two sets of field lines are in the same direction. 
This requires a reversal in the direction of 
electron motion from the preceding example, 
which is consistent with observations. The 
two situations are illustrated in Fig. 17-6. 


is such that the field lines induced in the coil oppose the 
motion of the moving magnet. 


185 


ELECTRICITY 


To summarize: 

(a) When the magnetic field within a coil 

changes there is an induced potential dif- 

ference between the ends of the coil. 

The induced potential difference varies 

directly as the product of the number of 

turns in the coil and the rate of change of 
the magnetic field. 

(c) When the ends of the coil are connected 
through a circuit there is an induced cur- 
rent in the coil. The electrons moving in 
the coil produce an induced magnetic 
field. 


The electrons of an induced current move 
in the direction that produces a magnetic 
field to oppose the inducing action. 


(b) 


(d) 


This last statement is called Lenz's law. The 
relation was discovered in 1834 by H. Lenz 
in Russia. Lenz had set out to find the sim- 
plest, most general description for the direc- 
tion of the induced electron motion. He based 
his argument largely on his own observations 
and those of Faraday and others. He did not 
use the principle of energy conservation, for it 
was not stated clearly until almost 15 years 
later. In fact, it is likely that Lenz's law con- 
tributed to H. von Helmholtz's statement of 
energy conservation in 1847. 

The application of Lenz's law involves the 
following steps: 
(a) Determine the nature of the change in the 


EXERCISES and PROBLEMS fi 


A 
1. Draw a diagram to illustrate the ends of the 
legs of a horseshoe magnet, with its north pole on 
the left, and south pole on the right. Draw a 
narrow vertical rectangle between the poles to 
represent a piece of wire. If the wire is being 
drawn through the space towards you out of the 
plane of the paper, in what direction will electrons 
in the wire tend to move? 


2. (a) What is the necessary relation between a 
coil of wire and a permanent bar magnet in 
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magnetic field that produces the electro- 

magnetic induction. 

Choose the direction for the induced mag- 

netic field that opposes the change. 

(c) Apply the left hand rule to determine the 
direction of electron motion from the 
direction of the magnetic field. 

When the magnetic field within a coil is ini- 
tially zero, an increase in the magnetic field 
will be opposed by the induced magnetic field, 
attempting, one might say, to keep the magnetic 
field zero. On the other hand, if a steady 
magnetic field within a coil begins to decrease, 
the induced magnetic field acts to oppose the 
decrease, in an attempt to keep the field at its 
original value. This effect has some similarity 
to inertia, and in electrical theory there is in 
fact a place for such an idea. In any event, 
it can be seen that the induced magnetic field 
is truly conservative: it opposes change. 

It should be mentioned that there is no 
energy transformation in electromagnetic in- 
duction until there is a complete circuit. In 
the same way, a dry cell is ready to transfer 
its chemical potential energy to the kinetic 
energy of electrons, but does not do so until 
there is a complete circuit. When the circuit 
is completed, electrons are supplied with kinetic 
energy, and in their impacts with the metallic 
ions in the wire increase the internal energy of 
the wire. 


(b) 


order to have an induced potential difference 
between the ends of the coil? 

(b) What other circumstance is necessary in 
order to have a regular motion of electrons 
maintained within the coil? 


3. A coil of 500 turns of copper wire is connected 
to a galvanometer. As bar magnets of different 
strengths are moved into the coil at different rates, 
the maximum reading of the galvanometer is 
recorded. 

(a) The strength of the magnetic field at the 


pole of Magnet A is 10 units. What is the rate 
of change of the magnetic field strength within 
the coil if the time for the pole of the magnet 
to pass from one end of the coil to the other is 
(i) 1 second, (ii) 0.5 second? 
(b) The strength of the magnetic field at the 
pole of Magnet B is 20 units. What is the rate 
of change of the magnetic field strength within 
the coil if the time for the pole of the magnet 
to pass from one end of the coil to the other 
is (i) 2 seconds, (ii) 1 second, (iii) 0.5 second? 
(c) Assuming that a rate of change of magnetic 
field strength within the coil of 5 units per 
second produces a galvanometer reading of 
1 mA, tabulate the maximum readings to be 
expected in each of the five situations described 
in parts (a) and (b). 
4. When a bar magnet is plunged into a coil 
having 200 turns, the induced voltage between 
the ends of the coil is found to be 0.10 volt. If 
the same magnet is plunged at the same rate into 
a coil having 500 turns, what will be the induced 
voltage between the ends of the coil? 
5. A coil of copper wire has a resistance of 20 
ohms. A bar magnet plunged into the coil can 
induce a potential difference of 1.0 volt. Calcu- 
late the induced current when the coil is connected 
to a galvanometer having a resistance (a) of 30 
ohms, (b) 80 ohms. 
6. Draw four identical diagrams of a coil of five 
or six turns connected to a galvanometer. At one 
end of each coil draw a narrow rectangle to repre- 
sent a bar magnet. Indicate on each diagram the 
direction of the induced electron motion for the 
following motions of the magnet: 
(a) the north pole is inserted, (b) the north 
pole is removed, (c) the south pole is inserted, 
(d) the south pole is removed. 
7. A coil is lying with its axis horizontal on a 
desk; it is connected to a galvanometer. A bar 
magnet is passed right through the coil. As the 
south pole enters at one end the galvanometer 
needle moves to the right. In what direction will 
the galvanometer needle move as the north pole 
is withdrawn from the other end? 


B 
8. (a) Near the earth's equator the magnetic 
field lines are horizontal, pointing north. If a 
yacht with an aluminum mast is sailing due 
west near the equator, which end of the mast 
will be made more negative by the effect of 
electromagnetic induction? 
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(b) Why would there be no current in a loop 

formed by joining the top and bottom of the 

mast with a conducting wire? 
9. Copy the diagram of Fig. 17-3 onto a sheet of 
paper and indicate on it the direction of electron 
motion in the coil connected to the battery when 
the switch is closed, the direction of the magnetic 
field lines within the iron ring, and the direction 
of the induced electron motion in the coil con- 
nected to the galvanometer as the magnetic field 
is increasing in the ring. 
10. Three coils, A, B, and C have the number of 
turns and resistance indicated in the table. They 
are connected in series with a galvanometer having 
a resistance of 60.0 ohms. A bar magnet is 
plunged at the same rate into each coil in turn, 
producing a current reading on the galvanometer. 
When the magnet is plunged into Coil A the maxi- 
mum reading on the galvanometer is 1.0 mA. 


Coil Number of turns Resistance 
A 300 2.0 ohms 
B 600 8.0 ohms 
iC 1200 . 30.0 ohms 


(a) What will be the maximum reading of the 
galvanometer when the magnet is plunged into 
(i) Coil B, (ii) Coil C? 
(b) Calculate the value of the induced voltage 
when the magnet is plunged into Coil A. 
(c) In this demonstration of the effect of the 
number of turns on the induced current, why 
should the three coils be connected in series? 
(d) If Coil C was connected by itself to the 
galvanometer and the magnet plunged into the 
coil at the same rate as before, what would be 
the maximum reading on the galvanometer? 
11. A coil of wire with many turns is wound in 
the form of a ring with a diameter of about 10 
inches. The coil is rotated on an axis in the plane 
of the coil, that is, on a diameter of the circle that 
the coil forms. When the coil is connected to a 
galvanometer the effect of the rotation in the 
magnetic field of the earth can produce a visible 
deflection. What should be the direction of the 
axis of rotation relative to the direction of the 
magnetic field lines of the earth’s field to produce 
(a) a maximum reading on the galvanometer, (b) 
a minimum reading on the galvanometer? 
12. Summarize the argument by which Lenz’s law 
is deduced from the principle of energy conser- 
vation, indicating the principles and laws upon 
which the argument is based. 
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MECHANICAL AND ELECTRICAL 


ENERGY 


The electrical industry, which has transformed 
modern civilization, is founded upon electro- 
magnetic induction. Voltaic cells were the 
only source of a continuous flow of electrons 
until Faraday's discovery in 1831. During 
the rest of the nineteenth century many techni- 
cal developments were needed to make elec- 
tricity the servant of the people. Practical 
generators of electricity were the first require- 


Voltmeter 


Direction 
of motion of 
armature 


Brushes 


Armature 


Field magnet 


Fig. 18-1. 
can be rotated within the poles of a field magnet, The 


An electric generator has an armature which 


armature is a coil of wire on a soft iron core. Current 
is conducted from the armature by slip rings and brushes. 
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ment. The basic design and operation of elec- 
tric generators and motors are described in this 
chapter. 


CONVERTING MECHANICAL ENERGY 
TO ELECTRICITY 


An electric generator is a device that trans- 
forms mechanical kinetic energy into the kin- 
etic energy of electrons. To apply electromag- 
netic induction to the generation of electricity, 
a method is needed for producing a continuous 
inducing action. A bar magnet, connected to 
the piston of a steam engine might be moved 
back and forth within a coil. Or a coil could 
be rotated between the poles of a horseshoe 
magnet; but the wires connected to the coil 
would very soon be wrapped around the shaft. 
An early solution was to keep the coil sta- 
tionary and rotate the magnet, but a powerful 
generator needs a large magnet, and too much 
energy is needed to overcome friction in keep- 
ing a massive magnet moving. The problem 
was finally solved by connecting the ends of a 
coil to rings of copper mounted on the axis of 
rotation. A sliding contact was made with 
these slip rings by brushes, fixed pieces of 
metal to which the external circuit was con- 
nected. Thus a rotating coil could be used 
without any tangling or twisting of the con- 
necting wires. 

A complete model of an electric generator is 
shown in Fig. 18-1. The armature consists 


of a coil of copper wire wound onto an iron 
core.* Iron, having a high permeability, con- 
centrates the magnetic field within the coil. 
The armature is mounted on an axle or shaft, 
perpendicular to the plane of the page. The 
generator can be driven by a direct attachment 
to the shaft, or by means of gears, or pulleys. 
The coil is connected to a voltmeter through 
the slip rings and brushes. The magnetic field 
is provided by the field magnet. It may be a 
permanent magnet, or an electromagnet as 
illustrated. As the armature is rotated there 


* Note that the loops of the coil are at right angles 
to the length of the armature so that when the armature 
appears horizontal, the plane of the coil is vertical. 
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Fig. 18-2, In this illustration of induction in a generator 
during one cycle, one end of the armature is marked so 


MECHANICAL AND ELECTRICAL ENERGY 


is a continuous change in the magnetic field 
within the coil. Thus, by electromagnetic in- 
duction, electrons are made to move continu- 
ously through the voltmeter. 

Although the electrons are always moving 
in a regular way, their direction of motion re- 
verses once during each half revolution of the 
armature. Lenz's law and the left hand rule 
can be used to follow the cycle of changes 
illustrated in Fig. 18-2. In (a) the marked 
pole of the armature is being pulled away from 
the N pole of the field magnet. To oppose 
the change there must be an induced attraction 
between the armature and field (Lenz’s law). 
The marked pole is therefore south, and the 


+ 


(d) 


that the cycle is easier to follow. The direction of electron 
flow reverses twice in each revolution. 
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Induced voltage (V) 


direction of electrons is as shown (left hand 
rule). When the marked pole approaches the 
S pole of the field in (b), Lenz's law requires 
repulsion. The marked pole continues to be 
south, and the electron direction remains un- 
changed. 

As the marked pole passes the central point 
of the S pole of the field magnet, motion towards 
the pole is replaced by motion away from the 
pole. To oppose the movement away, shown 
in (c), there must be attraction between the 
poles of armature and field: the marked end 
of the armature must change from south to 
north. To produce the change the electrons 
must move in the opposite direction. The 
voltmeter, which had indicated a positive volt- 
age during the first half revolution, now swings 
negative. The progression from (c) to (d) is 
similar to that from (a) to (b). The next 
cycle begins as the armature rotates from (d) 
to (a); the electron direction again reverses 
as it did in the rotation from (b) to (c). 


ALTERNATING CURRENT 


The direction of motion of the electrons in the 
armature circuit is reversed, or alternated, once 
during each half revolution. For that reason, 
the output from the generator is called alter- 
nating current (AC). The term AC is nor- 
mally used in a way that neglects the fact that 
C is an abbreviation for current; for example, 
it is quite proper to speak of an AC voltage. 

The graph of Fig. 18-3 shows the changes in 
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Fig. 18-3. For a laboratory 
generator in which the arma- 
ture is rotating at one cycle 
per second, this graph shows 
output against time. The 
output is called alternating 
current. Its frequency is one 
c/sec. The letters a, b, c and 
d on the graph correspond 
to the positions of the arma- 
ture in parts (a), (b), (c) and 
(d) of Fig. 18-2. 


the readings of the voltmeter of Fig. 18-2 as the 
armature is rotated. The meter is designed 
for use with direct current (DC), and will 
respond only to slow alternations. In the 
model generator a rotation of one revolution 
per second produces AC with a frequency of 
1 cycle per second. As the armature rotates 
through its cycle the voltage increases smooth- 
ly from zero to a maximum, then decreases 
smoothly to zero, reverses direction, becomes 
more negative to a minimum, then increases 
to zero, and the cycle is repeated. 

The time required for one complete cycle is 
called the period (symbol T). Its relation to 
the frequency of rotation (f) is 

1 
up F 
Electricity supplied by electric energy com- 
panies in North America is usually AC of fre- 
quency 60 cycles per second (c/sec). Then 
one complete cycle takes %o sec. One ter- 
minal of a 60-c/sec AC supply is positive for 
Y 20 Sec, then negative for 1459 sec, then posi- 
tive again, etc. In AC the average voltage is 
zero, and that is the reading one would find on 
a DC voltmeter. However, the energy trans- 
ferred is not zero, and instruments have been 
designed specifically for measurements in AC 
circuits. 


THE DIRECT CURRENT GENERATOR 


After thirty years of familiarity with the direct 
current from voltaic cells, scientists saw no use 


for the alternating current from early gen- 
erators. Immediately they took steps to rectify 
both the situation and the current. (The elec- 
tronic device described in Chapter 31 that con- 
verts AC to DC is called a rectifier.) There 
are reversing switches that could be operated 
manually each half cycle to keep the electrons 
moving in the same direction in the external 
circuit. But it would be difficult to keep in 
step with the alternations, and almost impos- 
sible to operate the switch 120 times a second. 
By 1835 a reversing switch had been invented 
to be mounted on the shaft of the armature. 
This device, called a commutator, is illustrated 
in Fig. 18-4, in which it is compared with the 

+ 


Fig. 18-5. In a DC generator, when the direction of the 
electron flow in the armature reverses—between (b) and 
(c)—the brushes exchange contact with the segments of 
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Carbon Lodo | 


brushes 


(a) (b) 


Fig. 18-4. The connections to the armature of generators 
are (a) slip rings for AC, (b) split rings for DC. 
+ 


the commutator. Thus the direction of electron flow in 
the external circuit never reverses. 
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slip rings of an AC generator. The two halves 
of the conducting ring, called segments, are 
insulated from each other. One end of the 
armature coil is connected to one segment, and 
the other end to the other segment. 

The action of the commutator is illustrated 
in the diagrams of the model DC generator 
in Fig. 18-5. The commutator segments are 
numbered 1 and 2; and the two brushes are 
identified by the letters A and B. In (a) and 
(b) electrons move from Segment 1 into Brush 
A. In all other respects the operation is like 
that in (a) and (b) of Fig. 18-2 for the AC 
generator. But when the polarity of the 
marked pole of the armature is reversed in 
passing from (b) to (c), the gaps between the 
segments pass under the brushes. As the di- 


rection of electrons in the coil reverses, Brush 
A loses contact with Segment 1 and begins to 
contact Segment 2. When the electrons re- 
verse direction they begin to move out of Seg- 
ment 2. So they continue to move into Brush 
A and the direction of electrons in the volt- 
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Fig. 18-6. This graph shows 
the output of a DC generator 
The letters a, 
b, c and d on the graph cor- 
respond to the positions of 
the armature in parts (a), (b), 
(c) and (d) of Fig. 18-5. 


against time. 


Time 
(sec) 


5^ 1 


meter is the same as before. The brushes 
exchange segments every half revolution, as 
the direction of the electrons and the polarity 
of the armature are reversed. 

The way that the voltage changes as the 
armature of the DC generator rotates is shown 
in Fig. 18-6. The shape of each half cycle is 
the same as in Fig. 18-3 for the AC generator, 
but every half cycle here is positive. We say 
that the alternating current, which is still pres- 
ent within the armature coil, has been rectified. 
Of course, this graph is quite different from the 
voltage variation with time that would be 
obtained from a voltaic cell. The graph of 
Fig. 18-6 shows a form of direct current that 
might best be called pulsating, or varying, uni- 
directional current. The waves in the graph 
would be less pronounced if the armature were 
rotated more rapidly. Another way to smooth 
the output would be to wind a number of 
separate coils on the armature, each connected 
to a pair of segments on the commutator. Such 
an armature is illustrated in Fig. 18-7. 


Fig. 18-7. This 50-hp, 300- 
volt electric streetcar motor 
has a number of separate 
coils and commutator seg- 
ments for smooth operation. 
It works as a generator when 
the car is slowing down. 
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CONVERTING ELECTRICITY TO 

MECHANICAL ENERGY 

An electric motor is a device that transforms 
the kinetic energy of electrons into mechanical 
kinetic energy. Electric motors began to be 
developed after 1823, but for more than a 
decade they were merely toy curiosities. How- 
ever, by 1840, electric motors had been de- 
veloped to drive machinery. A printing press 
was one of the first machines to be driven by 
electricity. For several decades motors were 
supplied with electricity from batteries of vol- 
taic cells, which were expensive and incon- 
venient. But electric generators were being 
developed for lighting applications. Before 
1860, a lighthouse in England was using a 
steam-driven generator to supply electricity to 
an arc lamp. (Carbon arc lamps are still used 
in large movie projectors and in school labora- 
tories. A large current between the tips of 
two carbon rods, almost touching, causes them 
to glow white-hot.) 

There was little practical connection between 
motors and generators in these early years, and 
two quite separate fields of technology devel- 
oped. Then in 1873, Z. T. Gramme in France 
demonstrated two identical machines, one 
operating as a generator, and the other as a 
motor. The generator, driven by an external 
engine, supplied electricity to turn the motor. 
As a result, the best features of the technology 
of both motors and generators could be applied 
to both. Engineers were quick to apply these 
principles to the transmission of motive energy. 

For example, in public transportation it 
would have been a nuisance to install a sepa- 
rate steam engine in each streetcar. Instead, 
engineers designed electric tramways: a cen- 
trally located generator, driven by a steam 
engine, supplied the clean electrical energy to 
electric motors in the cars. The complete 
similarity between motors and generators 1s 
well illustrated by the electric motors used to 
drive streetcars. The motor shown in Fig. 
18-7 operates as a generator when the car is 
slowing down; as a generator it assists in brak- 
ing, and supplies electricity to resistors to pro- 
vide heat for the passengers. 
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THE DIRECT CURRENT 

MOTOR 

The DC motor of Fig. 18-8 is the same as the 
DC generator of Fig. 18-5. Electrical connec- 
tions are made to the coil through the brushes 
and commutator. Throughout the cycle, elec- 
trons are supplied to the coil from Brush A. 
The motion of electrons in the coil makes the 
armature an electromagnet strengthened by the 
iron core. The rotation of the armature is pro- 
duced by the magnetic forces between the poles 
of the field magnet and the poles of the arma- 
ture. Let us follow the course of the marked 
pole of the armature through one complete 
revolution. 

In (a), we can use the left hand rule to show 
that the marked pole of the armature is north. 
It is repelled by the N pole of the field magnet, 
and it moves around in a clockwise direction 
In (b), Brush A is still in contact with Segment 
1, and electrons move in the same direction as 
in (a). The marked pole, still north, is at- 
tracted by the S pole of the field magnet. With- 
out the commutator the motion would cease 
when the armature became horizontal. (Com- 
pare this with the action of the galvanometer, 
illustrated in Chapter 16.) The inertia of the 
armature is sufficient to carry it just past the 
horizontal. In (c), Brush A contacts Seg- 
ment 2 of the commutator, causing the direc- 
tion of the electrons in the coil to reverse. 
The marked pole becomes south and is repelled 
by the S pole of the field magnet: rotation con- 
tinues. In (d) the marked pole is still south 
and is attracted by the N pole of the field mag- 
net. Continuing the cycle from (d) to (a) 
involves another reversal of electron motion 
and armature polarity as in going from (b) 
to (c). Rotation continues cycle after cycle: 
the kinetic energy of moving electrons in the 
coil has been translated into the kinetic energy 
of rotation of the armature. 

By the action of electromagnetic forces in 
motors energy is available to operate fans, food 
mixers, washing machines, razors, lawn mow- 
ers, and the wheels of industry. 
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Fig. 18-8. A DC motor is very similar in design to a DC 
generator. Except for the replacement of the galvanometer 


Fig. 18-9. The geometry of a generator may be repre- 
sented by a right angle triangle in which the hypotenuse 
AB portrays the axis of the coil, As the armature of the 
generator rotates, the lengths of the sides CA and BC 
will change too. The voltage induced in the armature 
coil will be Proportional to the length of the side CA. 
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by a battery, the one shown here is identical to the 
generator illustrated in Fig. 18-5. 


THE VARIATION OF VOLTAGE IN AC GENERATORS 


In the discussion of Fig. 18-2 we saw that the 
change in direction of electron movement twice 
in each revolution was required by Lenz's law 
and the left hand rule. How can we describe 
the changes in voltage from instant to instant 
during any one half revolution? A geometrical 
construction on the generator diagram will lead 
to the proper mathematical terms. For any 
position of the armature, consider the axis of the 
coil (that is, the line down the centre of the coil) 
as the hypotenuse of a right angle triangle. The 
arms of the right angle in the triangle are drawn 
so that one is parallel to the magnetic field lines 
of the field magnet, and the other perpendicular 
to them, as illustrated in Fig. 18-9. The line AB 
is the axis of the coil, side BC is parallel to the 
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Angle 


Fig. 18-10. This graph is constructed. from the lengths 
of the side CA at various times as the armature rotates. 
The lengths have been labelled y,, Y» Ys and so on. 


magnetic field lines, and side CA is perpendicular 
to the field lines. 

As the armature rotates, the lengths of the sides 
BC and CA must change. It can be shown that 
the voltage induced in the armature coil varies 
directly as the length of the side of the right angle 
triangle that is perpendicular to the field lines 
(that is, side CA). The graph in Fig. 18-10 was 
constructed from the lengths of CA (labelled 
Y Y» y, and so on) as the armature rotates. 
They have been transferred from the construction 
in (a) to the points on the axis that correspond 
to the successive positions of the armature. The 
shape of the graph is geometrically similar to the 
shape of the graph of voltage variation in Fig. 
18-3. 

The variation in voltage as the armature ro- 
tates is thus related to a geometrical property 
of the rotation. The position of the armature 
can be described by the angle, L.. ABC = 6, be- 
tween the axis of the coil and the magnetic field 
lines. When the armature is horizontal, 0 — 0, 
y, = 0, and the induced voltage, V = 0. As the 
armature rotates, 0, y, and V all increase. The 
relation of y to @ can be described by a trigo- 
nometric relation: in a right angle triangle, the 
length of the side opposite an angle divided by 
the length of the hypotenuse is defined as the 
sine of the angle. In A ABC, redrawn in Fig. 
18-11, having hypotenuse AB = h, side CA = y, 
and /. ABC = 6, the relation is 


sin 6 - 


Then the graph of Fig. 18-10 is a graph of y 
against 6, for the relation y — hsin 6. (Note that 
h, the length of the coil, is a constant.) 

The physical dependence of V on @ comes from 
the fact that the rate of change of the magnetic 
field within the coil varies directly as the sine of 
the angle between the magnetic field lines and 
the axis of the coil. Since the induced voltage 
varies directly as the rate of change of the mag- 
netic field within the coil, the voltage at any 
instant can be written, Vm sin 6, where Vm is the 
maximum induced voltage, ie. when the axis 
of the coil is perpendicular to the field lines 
(0 = 90°). Then our geometrical construction 
could be replaced by using the value of sin @ at 
each position of the armature, from the Table of 
Sines in the Appendix. 

Each half cycle of every graph in this chapter 
has the same basic shape, that of a sine curve. 
Sometimes it is said that the voltage varies sinu- 
soidally with time, meaning simply that the graph 
of voltage against time is a sine curve. Although 
AC voltages may not conform exactly to the sine 
curve, it is used as the ideal basis for descriptions 
of alternating current. 


A 


Fig. 18-11. In triangle ABC of Fig. 18-9, if the hypotenuse 
is h, and the side CA is y, then sin Q= y/h. á 
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EXERCISES and PROBLEMS 


B 

1. On the basis of the principles of electromagnetic 
induction what properties of the induced voltage 
in an alternating current generator would be 
affected by an increase in the rate of rotation of 
the armature? Would they be increased or de- 
creased? 

2. (a) For the diagrams of Fig. 18-2, indicate the 
position of the armature relative to the magnetic 
field lines between the poles of the field magnet 
when the induced voltage is (i) zero, (ii) maxi- 
mum. 

(b) For the diagrams of Fig. 18-2, indicate 
during which parts of the rotation the induced 
voltage is (i) increasing, (ii) decreasing. 

3. Draw a graph of the induced voltage for a 

model alternating current generator for three com- 

plete revolutions of the armature. Let the maxi- 
mum induced voltage be 5.0 volts. 

4. On the graph drawn for Question 3 indicate the 

locations at which the axis of the armature coil is 

(a) parallel, (b) perpendicular to the magnetic 

field lines of the field magnet. 

5. Draw a graph of voltage against time for an 

interval of 1.0 second for 
(a) an alternating generator having a frequency 
of 2.0 cycles per second, and a maximum in- 
duced voltage of 6.0 volts; 

(b) a 6.0-volt storage battery; 
(c) a direct current generator having a two- 
pole armature and a two-segment commutator, 
rotating 3.0 times per second, with a maximum 
induced voltage of 6.0 volts. 

6. For each of the following devices state the 

form in which energy is supplied to the device, 
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and the form into which the device changes the 
energy, 

(a) electric generator, 

(b) electric toaster, 

(c) dry cell, 

(d) electric motor, 

(e) radio loudspeaker, 

(f) solar battery, 

(g) electric refrigerator, 

(h) steam engine, 

(i) television picture tube, 

() incandescent electric lamp, 

(k) radio microphone, 

(I) television camera tube. 
7. Trace the steps in the production of a voltage 
in a direct current generator during one complete 
revolution of the armature in an anti-clockwise 
direction (that is, in the direction opposite to that 
used in the diagrams in the text). 
8. Trace the actions that produce rotation in a 
direct current motor during one complete revolu- 
tion for a battery connection opposite to the one 
shown in the diagrams in the text. 
9. Practical direct current motors of more than 
flea-power size employ an electromagnet for the 
field. Draw a diagram to show the connection of 
both the field winding and the brushes to the 
commutator using one battery, 

(a) when the field and armature coils are in 

series, 

(b) when the field and armature coils are in 

parallel (called shunt connection). 
10. By what means could the voltage-time graph 


for a DC generator be made smoother (that is, 
with less pronounced "ripples")? 
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DISTRIBUTING ELECTRICAL 


ENERGY 


Towards the end of the nineteenth century, 
electrical engineers were anxious to expand the 
transmission of electric energy beyond such 
limited applications as electric railways. How- 
ever, there are severe limitations on the distance 
to which direct current can be transported 
economically. How these limitations were 
overcome, and the present widespread distri- 
bution of electricity are the subjects of this 
chapter. 


THE VICTORY OF ALTERNATING CURRENT 


The limitations in the transmission of direct 
current are illustrated in Example 19-1. 


w Example 19-1; In Fig. 19-1, an electrical 
transmission system with a 10*-volt generator 
is established, supplying ten 10*-volt motors, 
connected in series, at a distance of 10 kilo- 


Fig. 19-1. A DC electrical transmission system supplies 
ten 103-volt motors each connected in series. 


100 A 


metres. Each motor requires 100 amperes for 
full operating power. The resistance in the 
transmission line is 9 ohms. Calculate the per- 
centage of energy lost in the transmission line. 


Solution: The current in the line is Z = 100 A. 
The resistance of the line is R = 9 ohms. 
One of the relations for power in Chapter 14 is 


PETR 
The power lost in the line is 
P, = (100 A)? x 9 ohms 
= 9 x 10* watts. 


The total power transmitted is the product of 
voltage and current in the generator. 


Hos 
(10* V) (10? A) 
= 10° W. 
The rate of energy loss (power) in the line 
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Step down transformer 


Fig. 19-2. This AC transmission system employs trans- 
formers so that the electricity can be generated at 104 
volts, transmitted at 10° volts and used at 10? volts. 


expressed as a percentage of the total power is 
RTS x 105W jeg 
P, Od W = Dee On 9057 
Nine per cent of the total generated energy 
would be radiated from the line as heat before 
reaching the motors. 


We shall see shortly that the energy loss in 
the line would be greatly reduced if the energy 
was transmitted at a higher voltage. But 
higher voltages are more difficult to handle 
and generally more dangerous. Yet, to use 
direct current, all the apparatus would have 
to be operated at higher voltages to effect the 
saving in energy. 

The solution to the problem was contained 
in the first apparatus that Faraday used to 
demonstrate electromagnetic induction in 1831. 
The iron ring wound with two coils of wire is 
the model for all electric transformers. With 
a transformer, AC voltages can be raised or 
lowered with little loss of energy. Then, with 
AC generators and motors, the arrangements 
in our example could be changed, using the 
same specifications for generators and motors. 


m Example 19-2: After generation at 104 
volts, the electricity supply (Fig. 19-2) is 
stepped up to 10* volts by means of a trans- 
former at the generating station, The energy 
is transmitted at 105 volts to a transformer in 
the factory where the motors are installed. 
There, the electricity is stepped down to 10? 
volts, and the motors are connected to it in 
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parallel. The system is still transmitting ener- 
gy at the rate of 109 watts. What now is the 
percentage loss in the transmission line? 


Solution: 
Transmission voltage is V — 10? volts. 
Transmitted power is P, = 109 W, 


The current in the transmission line is 


ER 
WA, 
_ 10° W 
me IEY 
= 10 A. 
The power loss in the line is 
Ies po 
— (10 A)? (9 ohms) 
LOTO SW. 
The percentage energy loss in the line is 
A =9 x 10-* = 0.09%. 


-'. the energy loss in the line is 0.09 per cent 
of the total energy. 

By comparison with the preceding solution 
it can be seen that transmitting the energy at 
ten times the voltage reduces the loss in the 
line to a hundredth of its previous value. 

In about the year 1890, engineers realized 
that the use of alternating current with trans- 
formers to produce high transmission voltage 
would permit the long distance transmission of 
electricity. Early installations used 10 000- 
volt transmission lines, but by 1900 voltages 
in excess of 100 000 volts were coming into 
common use, 


Fig. 19-3. A transformer 
depends on electromag- 
netic induction for chang- 
ing one AC voltage to 
another. The diagram at 
the right shows the stan- 
dard symbol for a trans- 
former. 
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TRANSFORMERS 


The principle of transformer operation is that 
alternating current supplied to one coil (the 
primary) on an iron ring induces a current in 
the circuit connected to the other coil (the 
secondary) as shown in Fig. 19-3. The induc- 
tion of current in the secondary depends on a 
continuous change in the magnetic field within 
the iron core. That is produced by the alter- 
nating current in the primary. No such simple 
device exists for converting large quantities of 
energy from one DC voltage to a different DC 
voltage. 

A model transformer for laboratory use is 
shown in Fig. 19-4. It consists of a U-core of 
iron onto which coils of different numbers of 
turns may be slipped. The magnetic linkage is 
completed by a short iron bar that fits across 


difference 


In this laboratory transformer the 
in the numbers of turns in the primary and in the second- 


Fig. 19-4. 


ary can clearly be seen. There are, in fact, 300 turns in 
the primary and 1200 in the secondary. 


DISTRIBUTING ELECTRICAL ENERGY 
Core 
the top of the U. The properties of the trans- 
former can be studied using the circuit shown 
in Fig. 19-5. Throughout this work, the sub- 
script 1 is used to identify properties in the 
primary circuit, and the subscript 2 to identify 
those in the secondary. 

The series of photographs in Fig. 19-6 shows 
a transformer in operation connected to an 
AC supply of 75 volts. In all three photo- 
graphs, the primary coil has 600 turns. The 
secondary coil in successive photographs has 
600 turns, 1200 turns and 300 turns. The 
secondary voltages can be read from the meter. 
From a table of these and other measurements, 
a basic relation for transformer operation can 
be deduced. Using the symbols V for voltage, 
and N for the number of turns in the coils, it is 


found, within the limits of experimental vari- 
ation, that 


Secondary 
000000 


YN 
Y, N 


That is, the ratio of voltages in the secondary 
and primary of a transformer is equal to the 
ratio of the number of turns in the secondary 
and primary coils. 


m Example 19-3: A model electric train oper- 
ates at 12 volts. To supply it from the 120- 
volt AC line requires a transformer. The trans- 
former available has 500 turns in the primary. 
How many turns should there be in the second- 
ary? 
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tucricim 
Solution: The following quantities 
g | V, = 12 volts; V, = 120 volts; N, = $00 t 
W Cw 
AC y 


From the equation 


I| ES V. N 
I ES o V, N 
I 
Sie N ! x N, 
oi ||| g v. 
ll^ x 12 V 


120 V 500 turns 
HI 
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50 turns 
sehen sf soep med hm lo 9 Hersiormer 


the secondary coil of the transform 


have 50 turns 


APPLICATIONS OF TRANSFORMERS 


In a modern electrical home, step-dowr 
formers are used to operate door bell 
electric trains. Step-up transformers 

to start oil burners, and to supply th 
voltages needed in the cathode ray tube of 
television set Transformers are also 

used in circuits where the clectrical energy ha 
much higher frequencies than 60 cycles per 
second. Various circuits in the amplifiers used 
in radios, TV, and high fidelity equipment are 
linked by transformers. Such transformers are 
designed to operate over the audible range of 
frequencies, from 16 to 16000 cycles per 
second. Other transformers are used in radio 
circuits, operating at frequencies of millions 
of cycles per second. Radio frequency trans- 
formers often have no iron core, and are called 
air core transformers. 

The principle of the transformer is used with 
direct current sources, such as batteries, in 
à device called an induction coil. Induction 
coils are used as step-up transformers in high 
voltage applications. Ignition or spark coils 
in automobiles provide the energy to ignitc 
the gasoline-air mixture in the cylinders. The 
electrons from the auto battery are started and 
Stopped by the operation of a switch, connected 
mechanically to the rotation of the crankshaft. 
The primary circuit must have such a device 
B4. bes bees va for interrupting the electron motion. „The pri- 
coil hos 600 turns, The camden ak ra is Te mary circuit of induction coils used in school 


= turns ond 300 turns respectively, laboratories is interrupted by including in it the 


chements of an electric buzzer circuit. The 
primary cod and iron core of the induction cod 
are the electromagnet of the buzzer, The 
electron motion in the secondary à in one 
direction when the circuit is closed, and in the 
other when it is opened, and it has been found 
that the induced voltage on opening the cir- 
cuit is several times greater than that when the 
circuit is closed. 


THE DISTRIBUTION OF ELECTRIC ENERGY 
The public utilities companies which supply 
ovr electricity are among the largest customers 
of the manufacturers of transformers. In a 
typical energy distribution system (Fig. 19-8) 
there may be five transformers in the line from 
the generating station to the homes of the con- 
sumers. The electricity in the Ontario hydro- 
electric system is generated at about 14 kilo- 
volts, transmitted over long lines to district 
transformer stations at 230 kilovolts, from 
there to local transformer stations at 115 kilo- 
volts, along the streets to pole transformers at 
4 kilovolts, and into our homes at 115 and 230 
volts. 

It is interesting that in the transmission of 
millions of kilowatt hours of electrical energy, 


plete conducting path from generator to con- 
sumer. But even between two transformers we 
do not expect a flow of electrons. For, in 
alternating current electrons move one way for 


lionth of a metre! 


With no moving parts (except clectrons) a 
transformer can be designed to be a very effi- 
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a : : ; 
Generating station District transformer station 

| | 115 kV 
Fig. 19-8. In the Ontario hydro-electric system the elec- in successive transformers to about 115 volts and 230 


tricity is generated at about 14 kilovolts and transmitted volts for use in the home. 
at about 230 kilovolts. |t is subsequently stepped down 


High voltage transmission 


line (230,000 volts) Fig. 19-9. This aerial photograph of the Niagara generat- 
ing complex shows (A) Intakes to tunnel leading to No. 
2 Generating station; (B) Canadian Horseshoe Falls with 
American Falls just below; (C) the Whirlpool; (D) one of 
the project's work areas; (E) the No. 2 powerhouse area; 
(F) the No. 1 powerhouse area; (G) the switchyard; (H) 
Floral Clock; (1) the 214-mile open-cut canal; (J) the Queen- 
ston project camp; (K) exit of tunnels from (A) into the 
power canal (I); (L) reservoir for pumped storage develop- 
ment, and (M) the original canal for the No. 1 plant. 


Dorr 
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Screens 
Transformer 


Generator 


Fig. 19-10. The kinetic energy of falling water is con- 
Turbine "s NS verted into electrical energy at a generating station as the 
turbine turns the armature of the generator. 
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Stove 


115 kV Oven 


Local transformer station Home 


Fig. 19-11. This photograph 
of one of the transformers 
at the Richview Transformer 
Station near Toronto, Ont- 
ario, gives some impression 
of their enormous size. This 
transformer weighs nearly 
200 tons. 
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Fig. 19-12. This map of 
Ontario shows the main 
transmission network. The 
squares denote generating 
stations, and the large 
squares show the main 
hydro-electric stations of St. 
Lawrence, Niagara, Gati- 
neau and Des Joachims. 
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first one in all respects except that it has 1400 

turns? 
5. An AC voltage of 120 volts is supplied to the 
primary coil of a transformer having 600 turns. 
What is the voltage across the terminals of the 
secondary coil of the transformer if it has (a) 1200 
turns, (b) 300 turns, (c) 6 turns, (d) 12 000 turns? 
6. A transformer to supply the various voltages 
required in a high fidelity amplifier has 300 turns 
in its primary coil which is connected to the 120- 
volt supply. Calculate the number of turns re- 
quired in the secondary coils designed to supply 
(a) 600 volts, (b) 400 volts, (c) 5.0 volts, (d) 6.3 
volts. 
7. The normal alternating current supplied to a 
house has voltages of 110 volts and 220 volts. 
Devices that require potential differences other 
than these often employ transformers. List four 
such devices that might be found in a home, 
indicate whether a step-up or step-down trans- 
former is required, and if possible the voltage at 
which the device operates. 


B 
8. Electricity is to be supplied to a group of cot- 
tages ten miles from the nearest power line, the 
requirement being for 60 kilowatts. If the re- 
sistance of the line is 30 ohms, calculate the 
power loss in the line if the supply voltage at the 
cottages is (a) 2.4 x 10? volts, (b) 1.2 x 109? volts. 
9. (a) Suppose that the current in the primary 
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coil of the transformer in Question 5 is 2.0 

amperes. What is the power in the primary 

circuit? 

(b) Assuming that no energy is lost in the 

core of the transformer, what is the power in 

the secondary circuit? 

(c) For each of the secondary coils of Ques- 

tion 5 calculate the current, if the current 

in the primary is 2.0 amperes. 
10. A transformer has 80 turns in its primary 
coil, and 560 turns in its secondary coil. The 
secondary circuit has 3.0 amperes at 9.0 x 10? 
volts. Calculate the voltage and current in the 
primary circuit. 
11. A spot-welding machine operates with a cur- 
rent of 75 amperes at 55 volts. It is supplied 
from a transformer with 550 volts in its primary. 
Calculate the current in the primary circuit. 
12. Draw a diagram to illustrate two coils of 
wire, one wound around each leg of an iron 
U-shaped core. With a battery and switch con- 
nected to the coil on the left, and a galvanometer 
connected to the coil on the right, indicate the 
direction in which electrons would move in the 
right hand coil, 

(a) when the switch is closed, 

(b) when the switch is opened, 

(c) when a bar of soft iron is placed across the 

open end of the U while the switch is closed, 

(d) when the bar of soft iron is removed, while 

the switch is closed. 
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ELECTROMAGNETIC ENERGY 


Electrical energy is usually considered to be the 
kinetic energy of moving charged particles. 
But since all charged particles may be acted 
on by electric forces, the particles may also 
possess potential energy. It has been con- 
venient to use the idea of fields to describe ob- 
jects which exert electric or magnetic forces. 
A distinction can be made between electric and 
magnetic fields in that electric fields surround 
charges at rest, while magnetic fields surround 
charges in motion (an electric current). Elec- 
tric field lines radiate outward from a stationary 
charge, while magnetic field lines surround the 
path of moving charges like rings (Fig. 20-1). 
But a moving charge still possesses its electric 
field. 

Rest and uniform velocity are special types 
of motion and we have discussed charges both 
at rest and moving with uniform velocity. We 
might wonder if anything more happens when 


Fig. 20-1. An electric field 
surrounds a stationary charge, 
whereas a magnetic field 
surrounds a moving one. 


a charge is accelerated. To find out, let us 
consider the development of ideas in electricity 
and magnetism during the nineteenth century. 

The various laws of electricity and magnet- 
ism were brought together into a consistent 
picture by James C. Maxwell in his electro- 
magnetic theory published about 1865. In its 
basic structure Maxwell's theory provides four 
equations which describe the states of steady 
electric and magnetic fields, the electrical effect 
of a changing magnetic field, and the magnetic 
effect of a changing electric field. Without 
getting involved in the mathematics of the 
electromagnetic theory, we can describe its 
nature in terms of experiments we have done. 

The discoveries of Oersted and Faraday pro- 
vide the foundation for Maxwell's theory. Oer- 
sted discovered that an electric current can 
cause the deflection of a compass needle. Since 
an electric current consists of moving charges, 
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each carrying an electric field, the current 
(which causes a magnetic field) can be called 
a changing electric field. Then we can state 
Principle I: 

A changing electric field produces a magnetic 
field around it. 


In electromagnetic induction, Faraday discov- 
ered that moving a magnet through a closed 
loop of wire causes charges in the wire to 
move. Since electric charges are moved by 
electric forces, we can say that the moving 
magnet induced an electric field. Then we can 
state Principle II: 

A changing magnetic field produces an electric 
field around it. 

The quantitative relations embodied in these 
two principles are the content of two of Max- 
well’s four equations. 

Imagine an electrically charged sphere 
arranged on a pendulum so that it vibrates back 
and forth. The motion of the charge consti- 
tutes a changing electric field. By Principle I, 
a magnetic field is produced. Since the speed 
of the pendulum is changing as it vibrates, the 
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Fig. 20-2. An electromagnetic 
wave travels away from a 
yibrating electric charge at 
the speed of light. The wave 
consists of alternating electric 
and magnetic fields, each one 
produced in turn by the one 
before. 


magnetic field that is produced must be chang- 
ing. Then, by Principle II, an electric field 
is produced. Both types of field will change 
continually as the pendulum vibrates. The 
changing electric field produces a changing 
magnetic field, which produces a changing elec- 
tric field, which produces a changing magnetic 
field, which . . . and so on. 

While one might suppose that these changes 
all occur in a region very close to the pendulum, 
Maxwell proposed that they would spread out 
into space. He visualized the energy as travel- 
ling outward in the form of electromagnetic 
waves. A crude picture of the electric and 
magnetic field lines in an electromagnetic wave 
is provided in Fig. 20-2. From electrical and 
magnetic measurements Maxwell calculated 
that the speed of the electromagnetic waves in 
space should be about 3 x 10? m/sec. 

Maxwell predicted that accelerating electric 
charges should give rise to electromagnetic 
waves travelling through space at the speed of 
light. The results of this prediction will be 
considered in Chapter 29. But first, we should 
investigate the properties of waves. 


EXERCISES and PROBLEMS 


A 

1. Tabulate the effect to be expected in each of 

the following situations: 
(a) two light objects with like electric charges 
are brought close together, 
(b) two light objects with opposite electric 
charges are brought close together, 
(c) two magnets are brought together with like 
poles adjacent, 
(d) two magnets are brought together with un- 
like poles adjacent, 
(e) a light object with an electric charge is 
brought near to one pole of a bar magnet, 
(f) a movable magnet is near a fixed wire in 
which there is an electric current, 
(g) a movable wire in which there is a current 
is near a fixed magnet, 
(h) a wire is moved near a fixed magnet, 
(i) a magnet is moved near a fixed wire, 
() a movable wire is near a fixed wire, with 
currents in each, 
(k) there is a changing current in a fixed wire 
with another fixed wire nearby. 


ELECTROMAGNETIC ENERGY 


B 
2. The force of repulsion between two stationary 
electrons 1 cm apart is about 10—7* newton. When 
the electrons are moving in parallel conductors 
the electrostatic force between them is counter- 
balanced by the forces exerted by the positive 
ions. It can be shown that the electromagnetic 
force between parallel conductors is much less 
than the electrostatic force between single charges; 
the ratio of the two forces is equal to v?/c?, where 
v is the speed of electrons in the conductor and c 
is the speed of light. 
(a) A typical speed for the electrons in a 
current-carrying conductor is about 10-4 m/ 
sec. What is the force of electromagnetic 
attraction per pair of electrons moving along 
in the same direction in two parallel conductors 
1 cm apart? 
(b) If two free electrons are close together 
and are moving through space in the same 
direction, will they exert a force of attraction 
or of repulsion on each other? Is there any 
speed at which the force would be reversed? 
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This pattern of sound waves made visible after 
passing through a slotted disc illustrates 

the essential wave nature of sound. Look for this 
pattern as you study waves, sound and light. 


INTRODUCTION: 
HOW DOES 
ENERGY 
TRAVEL? 
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WAVE MOTION 


How does energy travel? To answer this question we might 
begin by listing the factors that are needed to describe energy 
transmission. Energy itself may occur in a great many forms 
that appear to be quite different: heat, motion, electricity, sound, 
and light. Can the methods of transmission of these forms of 
energy be categorized in a shortlist? It appears that only two 
categories are needed, based on a very simple argument: Either 
some thing does or does not move from here to there. 

Suppose a basketball gets lodged well out of your reach 
between a pipe and the wall in a gymnasium. Somehow you 
must supply energy to dislodge it. A quite obvious way to do 
this is to throw a second ball at it. When you throw a ball you 
supply it with kinetic energy. When the thrown ball hits the 
ball that is stuck, there is a transfer of energy to dislodge the 
ball, A material object or thing (the thrown ball) has been an 
agent for the transfer of energy from you to the ball that was 
stuck. So in this case some thing has travelled. 

It should not be difficult to find many examples of energy 
transfer through the kinetic energy of a moving object. In the 
transfer of heat by convection there is a bodily transfer of the 
more rapidly moving molecules away from the source of the 
heat. However, in the conduction of heat, say along the handle 
of an iron frying pan, there seems to be a difference. Ions of 
iron cannot move about unless the iron is molten. The fact 
that the iron is solid means that its ions do not move from 
place to place. 

How then should energy transfer in the conduction of heat 
be described? In non-metallic solids, a rise in temperature 
means an increase in the vibration of the molecules. When the 
molecules in one part of a solid vibrate more rapidly than the 
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rest, they collide with their neighbours, making 
them vibrate more rapidly too. In this way 
heat is conducted through the solid without the 
transfer of anything material from one part of 
the solid to the other. , 

Heat conduction in a metal is complicated 
by the presence of free electrons. About 90 
per cent of the conduction of heat in metals 
is accomplished by the motion of free electrons. 
The kinetic energy of the electrons increases as 
the temperature rises, allowing the electrons 
to transfer more energy to the metal ions when 
they collide with them. An electron can be 
imagined to move a few atomic diameters be- 
fore colliding with an ion. The energy of vibra- 
tion of the ion is thereby increased, which 
means a rise in temperature. At the same time, 
another electron is caused to move along with 
an increased kinetic energy to repeat the pro- 
cess. Thus, the kinetic energy of electrons 
can be transferred from one end of a metal bar 
to the other (raising the temperature along the 
way), without any of the electrons making the 
whole trip. 

In this category of energy transfer, “pure” 
energy can be transferred from one place to 
another without a transfer of any material 
object. In general, we can say that wave mo- 
tion is a process by which kinetic energy can 
be transferred from one point to another with- 
out any transfer of matter between the points. 
A simple example can be given: A toy boat in 
the middle of a pond can be rocked by dropping 
a stone into the pond at the edge. The kinetic 
energy of the stone is transferred from the 
stone to the water, and across the water by 
waves to the boat. The waves travel across 
the water—kinetic energy travels from the 
stone to the boat—but no water has moved 
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the whole distance from the stone to the boat. 

Energy can be transferred either by the pas- 
sage of matter from one point to another, or 
by a wave motion between the two points. In 
terms of theoretical ideas we can say that 
energy transfer may be accomplished either by 
particles or by waves. 

Most wave motions involve the regular repe- 
tition of the same motion again and again. 
For that reason we should turn our attention 
first to vibrations. After an accurate descrip- 
tion of vibrations and how they are measured, 
we can consider several properties of simple 
waves. 

After studying the properties of waves you 
will be able to apply what you have learned to 
a particular kind of wave motion: the one in- 
volved in the transmission of sound energy. 

In the development of physics the transfer of 
light energy caused scientists a lot of difficulty 
for several centuries. We shall investigate evi- 
dence for the wave nature of light, and con- 
sider various properties of light. Then we can 
study ways of using light. The unit concludes 
with a description of electromagnetic waves, 
of which visible light is one example. 
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CHAPTER 2] 


MECHANICAL WAVES AND 


VIBRATIONS 


Let us imagine a man basking in the sun at a 
lakeside summer cottage. Music from a near- 
by radio falls on his ears; a few feet away water 
splashes against a dock; a flag over his cottage 
ripples in the breeze; suddenly he is aroused 
by a tremor in the earth due to a passing train. 
He sits up with the realization that he is sur- 
rounded. He is surrounded by waves: light 
waves from the sun, radio waves from a broad- 
casting studio, sound waves from his radio, 
water waves in the lake, patriotic waves in the 
flag and shock waves from the passing train. 
If we look around us we can find all sorts of 
examples of waves and of the vibrations from 
which the waves originate. This chapter deals 
with mechanical examples of vibrations and 


Fig. 21-1. Vibrations may be divided into two main 
categories—linear vibrations and angular vibrations. 


Piston Load on spring 


(a) Linear vibrations 


waves, which will lead to a clearer understand- 
ing of sound and electromagnetic waves. 


VIBRATIONS 


Waves originate with a vibrating object. A 
vibration is a to-and-fro motion generally along 
a straight line, linear vibration, or along an arc 
of a circle, angular vibration. The motion of 
a piston in a car engine is an example of linear 
vibration. Another is that of a load suspended 
from a spring (Fig. 21-1). If the load is 
pulled down and then released it vibrates up 
and down in a straight path above and below 
its normal equilibrium position of rest. Angu- 
lar vibrations are illustrated by the motion of 


Y 
ey Sees 
Balance wheel Pendulum 
(b) Angular vibrations 
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Fig. 21-2. The amplitude of a vibration is the maximum 
displacement of the vibrating particle from its rest 
position, 


the balance wheel in a watch or of a simple 
pendulum. If the bob of the pendulum is 
pulled to one side and released, it vibrates 
back and forth along an arc to the left and 
right of its equilibrium position. 

These motions are repeated over and over 
and are called periodic. A periodic motion is 
one in which a certain path is successively 
traversed with exactly the same set of velocities 
in successive time intervals, T. One complete 
execution of the motion in time T is called a 
cycle of the periodic motion. The time, T, re- 
quired for the completion of a cycle is called 
the period of the motion. The number of 
cycles executed per unit time is called the fre- 
quency, f, of the motion. The period is com- 
monly stated in seconds and the frequency in 
cycles per second (abbreviated c/sec), 

If the frequency of a pendulum is 2 cycles 
per second, each cycle must take Y second. 
If the frequency of motion of electrons in a 
conductor is 60 c/sec, each Cycle would be 
completed in % sec. Thus, from their defi- 
nitions, it is apparent that the period, T, of a 
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Amplitude | 


e Complete vibration or cycle | 


periodic motion is the reciprocal of the fre- 
quency, f. That is, 
T= 7 and j= 1. 

The load on the spring or the bob of the 
pendulum moves a certain maximum distance 
from the equilibrium position during a cycle. 
This distance is the amplitude. The amplitude 
of a periodic motion is the magnitude of the 
maximum displacement of the vibrating par- 
ticle from its equilibrium position as shown in 
Fig. 21-2. 

A complete vibration, oscillation or cycle 
includes the execution of all phases of the 
periodic motion, that is, a complete "round 
trip.” The phase of a vibrating particle refers 
to its displacement and velocity. Particles 
vibrating with the same amplitudes are in 
phase when they have the same displacements 
and velocities. If the sum of the displacements 
and the sum of the velocities of two particles 
are both zero then the particles are in opposite 
phase. This is shown in Fig. 21-3. In actual 
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Fig. 21-3. Two particles undergoing the same periodic 
motion are in phase when each is at the same stage in 


the cycle. Their velocities and displacements will then 


practice these ideas hold true only for linear 
vibrations. 

If we experiment with an ideal pendulum 
(where friction is minimized and the ampli- 
tude is small in comparison to the pendulum's 
length) we find that its period depends only 
on the length of the pendulum; the longer the 
pendulum, the longer is its period. Changing 
the amplitude of the swing or the mass of the 
bob has no appreciable effect on the period. 
While in extremely accurate work, the ampli- 
tude and various other factors cannot be 
ignored, for most practical purposes all pendu- 
lums a metre long (for example) have virtu- 
ally the same period whether the bob is made 
of aluminum or lead, and whether the ampli- 
tude is 2 cm or 4 cm. It is for this reason 
that the pendulum may be used as a timing 
device. Galileo Galilei's first invention was a 
pulsilogium, a simple pendulum of variable 
length, which he made while a medical student. 
Physicians used it to determine the pulses of 
their patients. By varying the pulsilogium's 
length a doctor could make it vibrate in step 
with a patient's pulse. Then from a scale he 
could read the number of pulse-beats per min- 
ute. 

In the case of a load vibrating on the end 
of a coil the period of motion depends mainly 
on the inertia of the load and on the stiffness 
of the spring. For a given spring a load of 
large mass will vibrate more slowly than one 


be equal, as in parts (a) and (b) of the diagram. The 
pendulums in (a) and (c) are out of phase, while the 
pendulums in (a) and (d) are in opposite phase. 


of small mass. For any given load a stiff 
spring vibrates with a smaller period than 
does a more flexible spring. 

Any object which is vibrating has energy. 
The bob of a pendulum must be lifted through 
a certain height as it is moved to either extreme 
position in its swing; it therefore gains gravi- 
tational potential energy above that which it 
has when at the lowest point. This potential 
energy changes to kinetic energy by the time 
the bob reaches the lowest point. At inter- 
mediate points, the bob has a combination of 
both potential and kinetic energy. Whenever 
an object vibrates, forces are at work and 
energy is possessed by the object at all times. 
This energy can be transmitted to neighbour- 
ing points and this transfer of energy now 
becomes our primary concern. 


TRANSVERSE WAVE MOTION 


If a wooden ball is dropped into the water at 
the centre of a still pond, the ball vibrates up 
and down, sending out a set of water waves 
in all directions over the surface of the pond. 
Each wave travels towards the shore and would 
cause corks scattered over the surface to bob 
up and down as shown in Fig. 21-4. We know 
the water does not travel shoreward since it 
does not heap up on the shore, but a disturb- 
ance of some kind does travel, giving the corks 
vibratory energy in succession from the centre 
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the second. The second then forces the third 
to move and so on as the vibratory motion is 
transmitted from particle to particle. Thus 
a travelling wave transfers energy from one 
particle to another in the medium through 
which the wave is propagated. 

Each time the ball at the centre of the pond 
executes one complete vibration it generates 
one complete wave. A little later the wave 
passes a cork causing it to vibrate up and down 
through one complete cycle as in Fig. 21-5. 
The periods of vibration of the ball and cork 
are equal. The frequency of vibration of each 
cork is thus also equal to that of the ball. 
Some of the corks may vibrate in phase with 
the ball, others will be out of phase. In the 
direction of wave motion a wavelength is the 
distance between two successive points which 
are in the same phase. (The symbol for wave- 
length is the Greek letter à (lambda) corres- 
ponding to the English letter / for length.) Fig. 


from its normal position. example the 21-6 shows two corks which are in phase since 
ball pushes a particle of water at the centre they have the same displacement and velocity. 
of the pond down below the normal surface There are no other such points between them, 
of the water. Almost immediately a neigh- so the distance from one to the other is the 
bouring particle is displaced since the first wavelength of the waves moving along the 
Particle exerts some kind of cohesive force on — water's surface. A wavelength could be mea- 
Wooden ball Water surface Cork 
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sured conveniently as the distance between two 
successive crests or two successive troughs. 

Each cork bobs up and down and has its own 
amplitude. Water ripples in the pond dic 
down as they move farther out from the centre. 
The amplitude of corks near the shore would 
be less than that of corks near the centre. If 
we ignore this decrease in amplitude the wave 
pattern will be uniform as in Fig. 21-6, The 
amplitude of the wave is the magnitude of the 
maximum displacement of any particle from its 
equilibrium position. It is the height of a 
crest or the depth of a trough measured from 
the axis of the wave. 


long flexible coil, by securing one end and 
vibrating the other with your 
angles to the length of the rope, tubing or 
This is illustrated in Fig. 21-7 in which a pulse 
rather than a full wave is generated by 
source which executes half a vibration. 
results in the uniform motion of the pulse along 
the coil. 


LONGITUDINAL WAVE MOTION 
A long, flexible coil may transmit a disturbance 
which is not transverse. The coil should be 
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A causes a contraction of the turns at B which 
is therefore a compression. This is illustrated 
in Fig. 21-8(c). The rarefaction at A almost 
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Fig. 21-8. If some coils at one end of a spiral spring are 
compressed as shown and then released, the compression 
will travel down the tube with a longitudinal wave motion. 
The compression will be followed by a rarefaction in which 
the coils of the spring will be farther apart than normal. 


immediately changes into a compression since 
the overstretched turns spring together again, 
the compression at B becomes a rarefaction, 
and the compression has now moved to C as in 
Fig. 21-8(d). Thus alternate compressions 
and rarefactions move in succession along the 
spring. An initial disturbance at A is trans- 
mitted along the coil carrying energy which 
eventually causes each turn in the coil to vi- 
brate back and forth as in Fig. 21-8(e). The 
vibratory motion of each turn is in a direction 
parallel to that of the wave motion along the 
coil. Such a wave is called a longitudinal 
wave. A longitudinal wave is one in which 
the particles of the medium vibrate in a direc- 
tion parallel to that of the wave motion. 
Each longitudinal wave thus contains a com- 
pression and a rarefaction in the same way 
that a transverse wave contains a crest and a 
trough. The wavelength of a longitudinal wave 
motion may be measured as the distance be- 
tween the centres of two successive compres- 
sions or rarefactions, but again it is equally 
the distance between any two successive points 
in the same phase. 
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If a tuning fork is set in vibration the prongs 
vibrate back and forth rapidly. When the 
prongs are bending outwards they push the 
outside neighbouring air molecules together to 
form a region of higher than normal density, 
that is, a compression. This crowding of 
molecules affects neighbouring molecules and 
the compression starts to move outwards from 
the fork. Then the prongs bend inwards and 
cause a region of sub-normal density (that is, 
a rarefaction) where there had just been a 
compression, The prongs bend outwards again 
and the motion is repeated with each vibration. 
Thus a disturbance is propagated from the 
tuning fork in the form of longitudinal waves 
through the air as illustrated in Fig. 21-9(a), 
and energy may be transferred to air mole- 
cules at a considerable distance from the fork. 
If the vibrating air is adjacent to our ears, a 
chain of vibratory motions is set up from the 
ear drum to the inner ear. From there, nerve 
impulses are carried to the brain and we sense 
what we call sound. Thus energy is transferred 
to our ears from a vibrating tuning fork by 
means of longitudinal sound waves through a 
medium of vibrating air molecules in much the 
same way that energy is transferred to the corks 
from a vibrating wooden ball by means of 
transverse water waves through a medium of 
vibrating water molecules. 

Consider the medium of air molecules be- 
tween the tuning fork and the ear shown in 
Fig. 21-9(a). If the density or pressure of 
the air is represented along the vertical axis of 
a graph and the distance along the direction of 
wave motion is represented along the hori- 
zontal axis, the graph of corresponding values 
will appear as in Fig. 21-9(b). This graph 
has the same form as a transverse wave. Thus 
the same diagram may be used to represent 
either a transverse or a longitudinal wave. 
Though sound waves are longitudinal we will 
often represent them in a diagram by a trans- 
verse wave pattern. 

To summarize, the following facts should 
be noted in each case of wave motion discussed: 
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Fig. 21-9. When a tuning fork vibrates in air it causes 
compressions and rarefactions of the air to spread out- 
wards with a longitudinal wave motion. These longi- 


(a) A vibrating source and a medium are 
both necessary for the propagation of a 
wave. 

Particles of the medium vibrate in succes- 
sion because adjacent particles exert forces 
on each other. 

The frequency of vibration of each particle 
in the medium equals that of the source. 
Energy is transmitted from the source 
through the medium at a definite velocity. 
A wavelength is the distance between two 
successive particles which are in the same 
phase. 


(b) 


(c) 
(d) 
(e) 


THE UNIVERSAL WAVE EQUATION 
Whenever a vibrating source produces a wave 
motion, one wave is generated for each vibra- 
tion of the source. This occurs in time T where 
T is the period of vibration of the source. 
During this time interval the wave has travelled 
one wavelength or a distance A. Referring to 
the velocity formula 


y = 


we now have d = à and t =T. 
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Longitudinal sound wave 


Rarefaction 


Transverse wave pattern 


Distance along direction of wave motion 


tudinal waves may be represented by a graph of air 
density against distance, which has the appearance of a 
transverse wave motion. 


Therefore 

d À 

T 

That is, the velocity of propagation of a wave 
is equal to the wavelength divided by the period. 
We also know that the frequency 


v= 


1 
few 
Thus E A: 
Since vi T 
y — fA. 


That is, the velocity of propagation of a wave 
motion equals the frequency times the wave- 
length. This formula connecting velocity, fre- 
quency and wavelength is referred to as the 
universal wave equation since it applies to all 
forms of wave motion. If the frequency is 
stated in cycles per second and the wavelength 
in metres, the velocity is expressed in metres 
per second. (Since a measurement of cycles 
is a pure number, the word cycle does not 
appear in the units for velocity.) The fre- 
quency, f, is a property of the wave motion as 
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well as of the vibrating source. If the source 
has a frequency of 5 c/sec it will generate 
5 waves/sec and at any point through which 
the waves are travelling there will be 5 waves/ 
sec. Hence the frequency of a wave motion 
may be stated as the number of waves which 
pass a given point per unit time, but it is nor- 
mally stated as cycles per second rather than 
waves per second. 


s Example 21-1: The frequency of an object 
at one end of a rope is 20 c/sec and the waves 
measure 15 cm from crest to crest. Calculate 
the velocity of the waves along the rope. 


Solution; 
Frequency, f = 20 c/sec 
Wavelength, A = 15 cm 
+ Velocity = frequency x wavelength 
es EE 

= 20 cycles/sec x 15 cm 
= 300 cm/sec. 

«`. the velocity of the wave is 3.0 m/sec [along 

the rope]. 


= Example 21-2: The period of vibration of 


an electromagnetic source is 2.5 x 10-14 sec- 
ond. The velocity of the electromagnetic wave 


DE e nee light source 


Fig. 21-10. A ripple tank may be used to demonstrate 
wave patterns formed by vibrations in water. 
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radiation is 3.0 x 10* metres per second. What 
is the wavelength of the radiation? 


Solution: 
Period, T = 2.5 x 10-"* sec 
Velocity, v = 3.0 x 10* m/sec 
Since velocity = frequency x wavelength 
v= fa, 


and since frequency is the reciprocal of period 


= 3.0 x 10* m/sec x 2.5 x 10- * sec 
z7.5 x 1075 m. 

.. the wavelength is 7.5 x 10-7* metre. 

( This radiation is an infra-red wave.) 


WAVE FRONTS 

There is a great similarity between the be- 
haviour of water waves and sound waves even 
though one is transverse and the other longi- 
tudinal. By analogy we can often understand 
the behaviour of invisible waves, such as sound 
waves, by examining the behaviour of water 
waves. We must take care, of course, that we 
do not carry the analogy too far. 

A ripple tank is a shallow trough with a 
glass bottom making it possible to project 
images of waves of water in the tank onto a 
screen. The tank is placed between a light 
source and a screen as shown in Fig. 21-10. 
The crests of the water waves appear on the 
screen as bright bands while the troughs appear 
dark. The advantage of a ripple tank over the 
coil spring is that the direction of propagation 
of the waves is not restricted to a single line; 
the waves spread out over the entire surface of 
the water. Dipping a finger into the water 
near the centre of the tank produces ripples or 
circular pulses that spread outwards. The 
direction of motion of the waves is along à 
radius from the centre towards the circum- 
ference of a circle formed by a ripple. The 
ripple moves outwards radially. All the points 


on a ripple which are in phase are called a 
wave front. In this case, the wave front is 
circular, The direction (along a radius) ot 
propagation of the wave at any point is per- 
pendicular to the wave front (the 
ference). 

Straight wave fronts may be produced 
dipping a ruler into the surface of the water 
and rocking the ruler gently back and forth. 
Here the wave fronts remain straight and paral- 
icl to the ruler, and move forward at right 
angles to the wave front. The direction of 
propagation of any wave is always perpendicu- 
lar to the wave front and vice versa. In this 
case, the wave front is the straight line formed 
by the set of all points on a ripple which are in 
the same phase. The entire crest of a ripple or 
the entire trough of a ripple forms a line which 
is, perhaps, most easily identifiable when think- 
ing of wave fronts. 
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DESTRUCTIVE AND CONSTRUCTIVE 
INTERFERENCE 


When two waves are simultaneously propa- 
gated through the same medium they both act 
on the same particles. At any instant a par- 
ticle has a displacement equal to the resultant 
(or vector sum) of the individual displace- 
ments it would undergo from each of the waves. 
The interaction of two waves which move 
simultaneously through the same medium is 
called interference. When two sets of wave 
fronts interfere with one another the resulting 
set of motions of the particles in the affected 
region is called an interference pattern. 

To understand this pattern we shall first con- 
sider two special cases of interference, de- 
structive and constructive. The first is illus- 
trated in Fig. 21-11 which shows à drawing 
of two opposite pulses approaching each other 
along a coil. They approach each other in the 
first four sketches, meet in the fifth, pass and 
continue on their way apparently unchanged 
in the last three sketches. The fifth sketch 
shows that they practically cancel each other 
when they meet. One pulse is trying to pro- 
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moves. During interference a point which has 
a continuous zero amplitude is called a node. 
A node is produced by the interference of 
identical waves whìch reach a point in oppo- 
site phase. The interaction of two waves which 
results in the cancellation of one another is 
called destructive interference. Thus a node 
is a point where there is continuous destructive 
interference. 

The second special case of interference is 
illustrated by the drawings of Fig. 21-12 which 
shows similar pulses approaching each other. 
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/ 
Fig. 21-12. If two similar pulses approach and pass one 


another, they will reinforce one another when they are 
Passing. This is constructive interference. 


Here again the point where the two pulses 
meet is marked by an arrow, but this point 
is displaced considerably from its equilibrium 
position. Its amplitude is the sum of the 
amplitudes of the two individual pulses. If 
the pulses are identical they reach the point 
in phase and reinforce one another, moment- 
arily producing a “super-pulse” with unusually 
great amplitude. When two waves meet at one 
point in the same phase over and over again the 
particle at that point will vibrate with twice 
the amplitude of either interfering wave. When 
two crests meet they form a “super-crest” 
which then dies down but is immediately fol- 
lowed by the combination of two troughs which 
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form a “super-trough,” so that alternating 
super-crests and super-troughs are produced at 
one point. During interference a point which 
vibrates with maximum amplitude is called an 
antinode or loop. An antinode is produced 
by the interference of identical waves which 
reach a point in the same phase. The inter- 
action of two waves which results in the maxi- 
mum reinforcement of one another is called 
constructive interference. 


INTERFERENCE OF WAVE FRONTS 
FROM TWO POINT SOURCES 


Perhaps the most interesting and instructive 
example of interference is that found when two 
sets of circular wave fronts are generated from 
two point sources A and B as on the surface 
of a ripple tank. The point sources are made 
to vibrate in phase so that they dip in and out 
of the water together. These wave fronts move 
out from A and B and intersect one another 
as shown in Fig. 21-13(a). Here the white 
bands represent the wave fronts along the 
crests of the waves, while the shaded bands 
represent wave fronts along the troughs. As 
might be expected the two sets of waves inter- 
fere with each other. On the diagram, com- 
pletely white spaces occur where the crest of 
one wave meets the crest of the other wave. 
Here, constructive interference takes place and 
super-crests are formed. Similarly, where two 
shaded bands intersect, constructive interfer- 
ence causes a super-trough to be formed. How- 
ever, where a shaded band meets a white band, 
a trough meets a crest and destructive inter- 
ference takes place. The result is an area of 
minimum disturbance, or a node. In Fig. 21- 
13(a) the nodes are all marked by a series of 
black dots. It is interesting to note that these 
black dots seem to form a pattern. This is 
accentuated by drawing lines through the dots 
as in the diagram. 

It is natural to expect that this pattern will 
change as the waves progress outwards. Fig. 
21-13(b) therefore shows the pattern formed 
when the waves have spread out slightly. 
Again we see areas of super-crests, super- 


Fig. 21-13. When circular wave 
fronts radiate outwards from two 
points near one another the two 
sets of wave fronts will interfere. 
Parts (a) and (b) of this diagram 
show succeeding positions of the 
wave fronts. The nodal positions 
cre morked by small squares and 
circles. 


(b) 
troughs and nodes. In this illustration the 
nodes are marked by small squares and again 
we see that the squares line up to form a pat- 
tern. The patterns in the two parts of the 
diagram look similar, but just how similar are 
they? In Fig. 21-14 all the dots from Fig. 
21-13(a) and the squares from Fig. 21-13(b) 
have been superimposed on the one diagram. 
We find that the patterns are not only similar, 
they are identical as far as the nodes are con- 
cerned. In fact, no matter how many parts we 
added to Fig. 21-13 we would still find that 
all the nodes would fall on the lines drawn in 
Fig. 21-14. These lines are known as nodal 
lines. A nodal line is a set of nodes which 
form a continuous line. 
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In a ripple tank the water along the nodal 
lines is relatively calm. Between the nodal 
lines are areas in which there are alternating 
super-troughs and super-crests. The drawing 
in Fig. 21-15 shows this type of interference 
taking place. It is easy to spot the relatively 
calm nodal lines and the relatively disturbed 
lines of antinodes. This type of interference 
makes the waves in the ripple tank appear to 
be standing still in that you see the station- 
ary nodal lines rather than waves from the 
points A and B moving outwards as you would 
expect ripples from a single source to do. Such 
waves are therefore called stationary waves, or 
standing waves. Standing waves are also shown 
in Fig. 21-16. 
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Fig. 21-16. When one end of a rope is fixed and the 
other end is vibrated from side to side a fixed pattern of 
waves known as stationary waves or standing waves may 
be formed. 
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Fig. 21-14. The nodal patterns from 
ihe two paris of Fig. 21-13 are 
shown here superimposed on one 
another. |t can clearly be seen that 
the nodal lines remain stationary. 


Fig. 21-15. This drawing gives an idea 
of what an interference pattern will 
actually look like in a ripple tank. 


For a super-trough or a super-crest to be 
formed at a particular point, the two sets of waves 
must be in phase; that is, the distances from that 
point to the origins A and B of the waves must 
either be equal or else differ by a whole number 
of wavelengths. The distances must differ by 0, A» 
2A, 3A, and so on where A is the wavelength. 
Conversely for a node to be formed the distances 
must differ by 15A, 1124, 2124 and so on. This 
gives an easy way of finding whether there would 
be a node or an antinode at a point near two 
sources vibrating in phase. 

m Example 21-3: Two point sources A and B 
are generating waves in phase of wavelength 3.0 
€m. Point P is 17.3 cm from A and 21.8 cm 
from B. Is point P a node or an antinode? 
Solution: 


Distance PA — 17.3 cm 


Distance PB — 21.8 cm 
'. difference in distance = 21.8 cm — 17.3 cm 
= 4.5 cm. 
Wavelength, à = 3.0 cm 
". difference in distance = 114, x 3.0 cm 
= 115A 


-. point P is a node. 


ISES and PROBLEMS 


A 


1. Classify each of the following examples as a 
linear or an angular vibration: 
(a) A pogo stick while bouncing up and down. 
(b) A needle on a sewing machine while in use. 
(c) The blades of a pair of scissors cutting 
cloth. 
(d) The rotary agitator in a washing machine. 


2. What is the average period of each of the 
following examples of motion? 
(a) A girl while skipping jumps off the ground 
40 times in 1.0 minute. 
(b) A man shovels top soil into a truck, work- 
ing at the rate of 12 shovelfuls per minute. 
(c) An electric metronome clicks 50 times in 
30 seconds. 
(d) The pulse of a heartbeat is felt 20 times in 
15 seconds. 
(e) The moon travels round the earth 5 times 
in 136.6 days. 
(f) Electrons move back and forth 60 times 
every second. 


3. (a) A man walks 5 paces every 10 seconds. 

What is the frequency in paces per minute? 
(b) A stenographer takes a dictation of 610 
words in 5.00 minutes. What is the average 
frequency in words per minute? 
(c) A vibrograph is used to determine the 
frequency of a tuning fork. By means of the 
vibrograph it is known that the fork vibrates 
10.5 times in 0.125 second. Determine the 
frequency of the fork in vibrations per second. 
(d) A machine gun fires 30 bullets in 12 
seconds. What is its frequency in bullets per 
second? 

4. What is the period of vibration in seconds of 

objects which have the following frequencies: 
(a) 25 c/sec? 

(b) 480 c/ minute? 
(c) 0.50 c/sec? 
(d) 3.0 x 10? c/sec? 

5. What is the frequency in c/sec corresponding 

to each of the following periods: 
(a) 0.10 sec? 

(b) 4.0 sec? 
(c) 1.25 x 10-7 sec? 
(d) 5.0 x 10—* sec? 

6. (a) If the bob of a long pendulum has an 
amplitude of 3.2 inches, what distance does it 
travel in five vibrations? * 
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(b) The end of a 440-c/sec tuning fork has an 
average amplitude of 1.0 mm for 3.0 seconds. 
Through what distance does the end of the 
fork travel during this time? 


7. The period of vibration of a sound emitted by 
a siren is 2.5 x 10—? sec. Calculate the wave- 
length of the sound wave if it travels at 340 m/sec. 


8. The velocity of sound in carbon dioxide at 
0° C is 260 m/sec. The wavelength of a sound 
wave travelling through this medium is 65 cm. 
Determine the period of the wave. 


9. A pendulum 100 cm in length swings with a 
period of approximately 2 sec. Its 200-g bob has 
an amplitude of about 1 cm. State how each of 
the following changes affects the frequency of the 
pendulum: 

(a) The length is decreased to 50 cm. 

(b) The length is increased to 150 cm. 

(c) The amplitude is increased to 2 cm. 

(d) The mass of the bob is increased to 400 g. 


10. Draw a diagram of a transverse wave train 
containing four waves with an amplitude of one 
half inch and a wavelength of 1!4 inches. On 
the diagram indicate the direction of motion of 
the wave (moving to the right); the direction of 
motion of a particle on the wave; two successive 
particles which are in phase (preferably not at the 
top of crests nor the bottom of troughs nor on the 
axis). 

11. Determine the unknown quantity for each 
of the following waves which have frequency f, 
wavelength A and speed v. 

(a) f — 20 c/sec 


Am 65 ft 
toon 

(b) f = 350 c/sec 
v — 1120 ft/sec 
A=? 

(c) à = 18 inches 
v = 48 x 108 ft/sec 
f=? 


42. Calculate the speed of sound in air if the 


sound wave has 
(a) a frequency of 125 c/sec and a wavelength 


of 8.8 ft, 
(b) a frequency of 369 c/sec and a wavelength 


of 94.0 cm. 
13. What is the frequency of a sound wave if its 


speed and wave length are 
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(a) 1120 ft/sec and 1.75 ft respectively, 
(b) 340 m/sec and 85 cm respectively? 


14. Determine the wavelength of a wave which 
has 
(a) a velocity of 24.0 ft/sec and a frequency 
of 4.5 c/sec, 
(b) a velocity of 3.0 x 101° cm/sec and a 
frequency of 1.5 x 1015 c/sec. 


B 

15. A long coil lies on a smooth surface. Each 
end of the coil is held by a boy. Each boy 
vibrates his end of the coil through one cycle 
sending a single wave to the opposite end of the 
coil. Describe what would be observed when 
the two waves coincided at the middle of the 
coil when the boys vibrate the coil (a) in phase, 
and (b) in opposite phase. What type of inter- 
ference does each case illustrate? 


16. A vibrating point in a ripple tank produces 
a complete wave every 0.10 sec. By the use of 
a stroboscope which apparently stops the motion 
of the waves, the difference in radii between the 
Ist and 6th circular crests is found to be 12 cm. 

(a) What is the wavelength? 

(b) What is the frequency of the waves? 

(c) What is the speed of the waves? 


17. A 360-c/sec source emits waves having a 
wavelength of 24 cm. In what time will this 
disturbance travel a distance of 144 m? 


18. Standing waves are produced in a string by 
two sources each having a frequency of 120 c/sec. 
The distance from the 2nd node to the 6th is 72 
cm. Determine the wavelength and speed of the 
original travelling waves. 


19. A vibrating diaphragm at one end of a column 
of air in a tube vibrates at 1.2 x 10? c/sec. Fine 
cork dust is sprinkled along the bottom of the 
tube. The standing waves in the air and in the 
tube cause piles of cork dust to form at the nodes. 
The distance from the 1st pile to the 5th is 58 
cm. What is the velocity of the wave in the 
column of air? 


c 
20. With the aid of a pair of compasses draw an 
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interference pattern produced by two point sources 
A and B that are two inches apart. Draw circles 
of radii 14, 34”, 114”, 134” and so on, to repre- 
sent the wave fronts along the crests of the waves 
generated by both A and B. Draw dotted circles 
midway between the solid circles to represent the 
wave fronts along the troughs. 

What distance on the drawing is used to repre- 
sent 1 wavelength? 

Indicate clearly the points of destructive inter- 
ference with black dots and those of constructive 
interference with small crosses. 

What type of interference occurs along the 
right bisector of AB? Draw a line on each side 
of this bisector joining the rows of black dots 
nearest to the bisector. What name is given to 
this type of line? Draw other similar lines crossing 
AB and passing through rows of black dots 
between which there are rows of crosses. 

Find a point P which is 114” from A and 175^" 

from B, a point Q which is 2" from A and 114” 
from B, and a point R which is 34/7 from A and 
2" from B. What characteristic is common to 
P, Q, and R? 
21. The engineer in a train hears its whistle which 
has a frequency of 280 c/sec on a day when the 
speed of sound in air is 1120 ft/sec. An observer 
sitting in his car at a railway crossing watches the 
train go by at a speed of 80 ft/sec, its whistle 
blowing all the time. 

(a) What is the wavelength of the sound emit- 

ted by the whistle? (This is completely in- 

dependent of the motion of the train.) 

(b) Knowing the speed of sound relative to the 

train, calculate the speed of sound relative to 

the man in the car when the train is (i) ap- 
proaching him, (ii) going away from him. 

(c) Knowing the wavelength of the sound of 

the whistle and the velocity of the sound 

relative to the man in the car as the train is 
approaching him and receding from him, cal- 
culate the frequency of the sound heard by 
the man as the train is (i) approaching him, 

(ii) receding from him. 

(d) Describe in words what the man would 

actually hear and see if you can find the correct 

name for this phenomenon. 


CHAPTER 22 


THE NATURE OF SOUND 


Before we continue our study of waves, in par- 
ticular our study of sound waves, we will dis- 
cuss briefly how sound itself is produced and 
transmitted. The production and transmission 
of sound are two aspects of acoustics. Acous- 
tics is the name given to the science of sound 
and hearing. 


THE ORIGIN OF SOUND 


Like waves in a ripple tank, all sounds are 
produced by vibrating objects. The vibration 
may well be visible if its amplitude is fairly 
large. A cello string, which has been plucked 
or bowed, appears blurred because it moves 
rapidly to and fro. If the amplitude of a 
sounding object is small, its motion may be 
detected by touching it with your finger-nail 
or with a suspended pith ball. The jarring of 
the finger-nail or the rebounding of the pith 
ball indicates that the object is in motion. 
Humans hear sounds which originate from 
objects vibrating with frequencies from approxi- 
mately 20 cycles per second to 20 kilocycles 
per second, though this range varies with indi- 
viduals. Older people in general cannot hear 
sounds of frequencies as high as younger people 
can, Beyond this audible range there are other 
“sounds” which we cannot hear. Frequencies 
above the upper audible limit of human hearing 
are referred to as ultrasonic, and those below 
as infrasonic. Thus sound may be considered 
as a form of energy produced over a very wide 
range of frequencies by vibrating objects. 


THE TRANSMISSION OF SOUND 


If a sounding electric bell is suspended in : 
container from which the air is gradually re- 
moved, the sound from the bell becomes fainter 
until it is inaudible. If the air is readmitted 
the sound returns to its former intensity. 
Sound, therefore, requires a medium for its 
transmission from one place to another; it can- 
not travel through a vacuum. Mechanical vi- 
brations of a sounding source are transferred 
in succession from molecule to molecule 
through a medium to a receiver such as the 
human ear. What is transferred is energy in 
the form of a mechanical disturbance travel- 
ling through an elastic medium. This is what 
we refer to when we speak of sound waves. 
These waves are longitudinal and when their 
compressions and rarefactions reach the ear 
they cause the eardrum to move in and out in 
a rapid vibration. The above normal and be- 
low normal air pressures caused by the waves 
produce amplitudes and frequencies of vibra- 
tion at the eardrum in conformity with those 
of the sounding source. By the time a sound 
wave reaches the eardrum the amplitudes pro- 
duced are very small but are readily detected 
by the brain. Even though for noises as loud 
as a person can stand air molecules have an 
amplitude of only about 0.001 cm, the cor- 
responding small changes in air pressure at the 
ear are sufficient to drive the eardrum to its 
limit of safety. Extremely loud noises can 
cause an eardrum to rupture, even as a big 
drum may break if beaten too hard. 
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The speed of sound through a medium can 
be determined by measuring the time, £, it takes 
to travel a measured distance, d, and then cal- 
culating the speed, v, by means of the formula 
v — d/t. The speed of sound in air at 0°C is 
332 metres per second and it increases by 
approximately 0.6 metres per second for each 
Celsius degree rise in temperature (within a 
normal range of temperature). 

The formula that speed equals frequency 
times wavelength, or v — fA, applies to sound 
waves and therefore provides another method 
for determining their speed if f and A are 
known. 


m Example 22-1: At room temperature (20°C) 
what is the wavelength of the sound generated 
by a tuning fork which has a frequency of 256 
c/sec? 
Solution: 
Speed at 0°C = 332 m/sec 
Temperature = 20°C 
. . increase in speed = 20 x 0.6 m/sec 
. . speed at 20°C, 
v = (332 + 20 x 0.6) m/sec 
= 344 m/sec 
Frequency, f = 256 c/sec 


Wavelength, A = E 


f 
_ 344 m/sec 
~ 256 c/sec 
= 1.34 m. 
Vibrating Oscill 
tuning fork Bits 
| Microphone 


D - 


Fig. 22-1. An oscilloscope can be used to study wave 
patterns produced by different sounds, 
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.. the wavelength of the sound wave is 1.34 
metres. 


The speed of sound varies in different media 
as shown in Table 22-1. The temperature 
must be stated since, in general, the speed in- 
creases as the temperature increases. 


Table 22-1 
SPEED OF SOUND IN METRES PER SECOND 


(gases at 0°C, others at 20°C) 
Air 332 
Carbon dioxide 260 
Hydrogen 1270 
Oxygen 317 
Water 1410 
5100 
3500 
3600 
5000 
1300 
1450 


Aluminum 
Brass 
Copper 
Iron 

Lead 
Mercury 


NOISE AND MUSIC 


Broadly speaking, sounds may be classified as 
noise or music. Whether a particular sound is 
noise or music is often a matter of personal 
opinion, but it is generally agreed to consider 
as musical sounds those which are the result 
of an object which vibrates periodically, that 
is, with regular vibrations. Waves produced 
by such an object have a constant wavelength 
and frequency. Such a sound may be called 
a musical tone, or note. The sound from a 
tuning fork is musical. Noise, on the other 
hand, is the result of irregular vibrations pro- 
ducing considerable variations in the sound 
waves. 

Wave patterns produced by different sounds 
may be studied by means of an oscilloscope. 
The sound waves are received by a microphone 
Which converts them into a varying electrical 
signal. This rather weak signal is increased 
to sufficient strength by an amplifier and then 
fed to an oscilloscope in which a visible wave 
pattern is traced on a fluorescent screen as 
shown in Fig. 22-1. This wave pattern is, in 


Musical sound Oscilloscope patterns 


Wp 
MoN 


Fig. 22-2. The oscilloscope pattern produced by a musical 
note is smooth and regular. That produced by a noise 
is jagged and irregular. 


effect, a picture of the original sound waves 
which reach the microphone. This, then, en- 
ables us to visualize the sound waves. It 
must be remembered, however, that the pat- 
tern on the oscilloscope is a transverse wave 
representation of the longitudinal sound waves 
which are being studied. 

The pattern produced by a tuning fork on 
an oscilloscope is a regular, smooth wave—a 
picture of a musical sound. The pattern of a 
nutcracker crushing a walnut shows an irregu- 
lar, jagged wave—a picture of noise. These 
are shown in Fig. 22-2. 


CHARACTERISTICS OF MUSICAL SOUNDS 
Musical sounds, or tones, differ from each 
other in pitch, loudness and quality. These 
are sensations of hearing experienced by who- 
ever hears the musical sounds. Each one of 
these three factors is largely dependent on a 
physical property of the sound wave which 
reaches the ear. 

The sensation of pitch depends on the fre- 
quency of the wave. If a sound is heard as a 
high-pitched note its wave must have a high 
frequency; if it is heard as a bass note, its fre- 
quency is comparatively low. Frequencies 
over a wide range become important to the 
listener of high-fidelity recordings which are 
designed to produce as perfect a rendering as 
possible of the original sounds from those of 
the lowest audible pitch to the highest. 

Two sounds are an octave apart if one has 
twice the frequency of the other. The lowest 
C note on the piano has a frequency of about 
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32 cycles per second. The next C, one octave 
above, has a frequency of 2 x 32 cycles per 
second or 64 cycles per second. Middle C 
is three octaves above the lowest C and has a 
frequency of 32 x 2 x 2 x 2 c/sec or 256 
c/sec. The highest C is seven octaves above 
the lowest, having a frequency above 4000 
c/sec. 

The sensation of loudness depends on the 
intensity of the sound wave which reaches the 
listeners ear. The intensity decreases quite 
rapidly as the distance of the wave from the 
source increases. Apart from any energy ab- 
sorption by the medium, the intensity received 
varies inversely as the square of the distance 
between the source and ear. If the distance 
is doubled the intensity is reduced to one quar- 
ter of its original strength. 1f the distance is 
trebled the intensity is reduced to one ninth 
of its original strength. 

The intensity is defined as the rate of flow of 
energy per unit area. The area is that of a 
cross-sectional surface through which the sound 
wave may penetrate. For instance, a joule of 
energy per second may flow through a square 
window which measures 1 metre by 1 metre. 
At this window the intensity received would be 
one joule per second per square metre (written 
as 1 J/sec.m?). This unit of intensity is equal 
to one watt/m?. The intensity received by the 
ear depends mainly on the amplitude of vibra- 
tion of the source. In fact, the intensity varies 
directly as the square of the amplitude. If a 
stretched string is plucked very lightly, its 
amplitude is small and it emits a rather weak 
sound, that is, one of low intensity. If the 
string is plucked vigorously it will have a much 
larger amplitude, producing a sound of greater 
intensity. 

The intensity level of a sound is also indi- 
cated by a unit called the bel (named after Sir 
Alexander Graham Bell) or more conveniently 
one tenth of this, the decibel. A decibel is 
approximately the faintest sound that can be 
heard by a normal human ear. A soft whisper 
is rated at about 20 decibels, average conver- 
sation at about 50 decibels, a pneumatic road 
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Stretched string 


N — Node 


(Os 


Fundamental f 


First overtone 


Frequency 


Fig. 22-3. |f a stretched string is 
plucked it will vibrate. The mode 
of vibration can be altered by 
2f touching the string at a particular 
point and thus making that point 
« node. These enforced nodes are 
indicated on the illustration by small 


Second overtone 3f dots. 


N 
@ Se Third overtone — 4f 


drill a few yards away at about 100 decibels, 
and an extremely loud sound, like that of an 
unmuflled jet engine thirty yards distant, at 
approximately 130 decibels. Sounds of higher 
noise levels can damage the ear, break up cells 
and injure the brain. Sound-proof test cham- 
bers must be used when testing engines which 
produce sound levels of 140 decibels and over. 
The measurement of intensity is rather compli- 
cated but is of great importance in its effect, 
especially for those who live or work near 
large airports, heavy traffic or noisy machinery. 

The sensation of quality depends almost en- 
tirely on what is called the overtone structure 
of the wave form which reaches a listener's 
ear. If a stretched string, fastened at both ends, 
is plucked in the middle it will vibrate with a 
natural frequency of its own and will appear 
as in Fig. 22-3(a). It will emit a musical 
sound having a frequency, for example, of 200 
cycles per second. This natural frequency is 
called the fundamental, and is one which is 
characteristic of the string and depends on its 
length, tension, diameter and density. (This 
will be discussed more fully in the next sec- 
tion.) The string may, however, be made to 
vibrate at twice its natural frequency by hold- 
ing it stationary at its mid-point and plucking 
either half. When one half is shaped like a 
trough the other half will have the form of a 
crest and vice versa as it vibrates back and 
forth. It will appear as in Fig. 22-3 (b) and 
its frequency is then 400 cycles per second. 
This type of wave, which has twice the fre- 
quency of the fundamental, is called the first 
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overtone. If the string is held at a point one 
third of the way along its length it will vibrate 
in three equal segments, Fig. 22-3(c), with a 
frequency of 600 cycles per second (three 
times the natural frequency). It is called the 
second overtone. The third overtone can be 
formed by holding the string one quarter of the 
way along its length. This will cause it to 
vibrate in four equal segments as shown in 
Fig. 22-3(d), with a frequency of 800 cycles 
per second (four times the natural frequency). 
Further overtones can be obtained in the same 
way. The string’s natural frequency is called 
the fundamental frequency and the overtones 
are all integral multiples of the fundamental. 
These various forms of vibration of a string 
are called modes of vibration, Each mode 
produces a different musical sound but the 
ratios of the fundamental to its overtones are 
always 1:2:3:4: and so on. A string that is 
bowed may experience a combination of two 
or more modes of vibration. For instance, 
Fig. 22-4 shows a fundamental wave form in 
(a), its first overtone in (b) and the two com- 
bined or superimposed on one another as à 
resultant wave form in (c). By listening care- 
fully the sound represented by this resultant 
wave can be distinguished from the funda- 
mental even though they have the same fre- 
quency. The fundamental and overtone sound 
as pure notes when heard separately, but when 
combined, the resulting sound has a quality or 
richness not possessed by the separate com- 
ponents. Thus the addition of overtones is the 
physical factor that contributes to the quality 


(b) 


Fig. 22-4. When a fundamental wave form (a) and its 
first overtone (b) are combined or superimposed on one 
another, the resultant (c) will have the same frequency 
as the fundamental but will be richer in tone. 


ofa sound. Two tones, even though they have 
the same pitch and loudness, may sound quite 
different, such as middle C sung by a man 
and a woman. A violin, clarinet and piano, all 
playing the same note, sound very different. 
We say that they differ in quality, and this dif- 
ference is caused by the different overtone 
structures in the wave forms produced by voices 
and musical instruments. Table 22-2 shows 
the frequencies and relative intensities of the 
various overtones which combined together 


Sensation experienced 


by human ear 
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make up a complex wave pattern produced by 
à French horn. 


Table 22-2 


OVERTONE STRUCTURE OF A MUSICAL 
SOUND EMITTED BY A FRENCH HORN 


Fundamental 
Ist overtone 


2nd overtone 
3rd overtone 
4th overtone 
5th overtone 
6th overtone 


The three characteristics of musical sounds, 
namely pitch, loudness and quality, are sum- 
marized in the oscilloscope wave patterns 
shown in Fig. 22-5. 


THE NATURAL FREQUENCY OF A 
STRETCHED STRING 


A musical score written for a violin may de- 
mand that the violinist produce 50 different 
notes from a set of only four strings. Each 
string must first be tuned by turning the peg 
to which it is attached. This alters the tension 
in the string and thus affects the restoring force 


Physical factor 
mainly responsible 
for sensation 


Pitch AAA AAAA Frequency 
Fig. 22-5. Oscilloscope patterns EON Pig 
can be used to illustrate the 
three characteristics of musical , 
sounds. These are pitch, loudness Loudness AAA Amplitude 
and quality. 
Quiet 
Loud 
Quality AAA AAA Overtone 
structure 


Pure tone Rich quality 
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Stationary bridge Stationary bridge 


Moveable bridge 


String 


Sounding-box Weights 


Fig. 22-6. A sonometer may be used to test the variation 
of the frequency of a stretched string with changes in 
the length and the tension of the string. 


which tends to make the vibrating string snap 
back towards its equilibrium position. If the 
restoring force or tension is increased, the 
movement of the string becomes faster and its 
frequency of vibration goes up. However, if 
all four strings had the same tension they 
would still sound different in pitch because they 
differ in diameter and are made of materials 
of different densities, such as gut, steel and 
aluminum. The heavier, thicker strings vibrate 
more slowly than the thinner, lighter ones since 
the former have the greater inertia. The effec- 
tive length of each string is varied by the fin- 
gers of the violinist’s left hand which press 
the strings against the fingerboard. Any change 
in the length of a string alters its frequency. 
Thus the pitch of a note emitted by a violin 
string depends on its length, its tension, its 
diameter and its density. 

To examine the precise relation between the 
length of a string and the frequency it produces, 
à sonometer may be used. One is illustrated 
in Fig. 22-6. It consists of a hollow sounding- 
box on which is mounted a stretched string. 
The string is secured at one end of the box 
and is attached to a weight suspended over a 
pulley at the other end, though in place of the 
weight and pulley there may be a peg or key 
which is turned to alter the tension in the string. 
At each end of the sonometer there is a sta- 
tionary bridge on which the string rests. A 
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movable bridge may also be inserted between 
the two stationary bridges so that the effective 
length of the string can be varied. The portion 
of the string between the zero mark and the 
movable bridge is plucked or bowed near its 
mid-point, so that it produces a note which is 
amplified by the sounding box. The frequency 
of the note emitted may be determined by com- 
parison with an audio-frequency generator or a 
set of tuning forks. The tension in the string 
is kept constant and the frequencies of various 
lengths determined. A set of experimental re- 
sults is shown in Table 22-3. 


Table 22-3 
FREQUENCIES OF VARIOUS LENGTHS 
OF A VIBRATING STRING 


Frequency of note produced 


(c/sec) 


Length of string 


In each case it is noted that when the length 
of the string decreases its frequency of vibra- 
tion increases. Further, it is apparent that the 
frequency multiplied by the length of the string 
is a constant. That is, 


a constant i 
the length of the string 


frequency = 


Hence the frequency of the sound produced by 
a vibrating string varies inversely as its length. 
If a string of length J, has a frequency of f,, 
and a similar string with the same tension but 
of length l, has a frequency f, then 
fl = fW. 


m Example 22-2: A string 140 cm in length 
vibrates at 330 cycles per second. Calculate 
the frequency of the same string under the same 
tension if its length is reduced to 105 cm. 


Solution: 
Initial length, /, = 140 cm 
Final length, /, = 105 cm 
Initial frequency, f, = 330 c/sec 
Let the final frequency be f,. 
Then f,l, = fJ. 
That is, 330 c/sec x 140 cm = f, x 105 cm. 
330 c/sec x 140 cm 
105 cm 
= 440 c/sec. 
'. the frequency of the shorter string is 440 
c/sec. 


Therefore f, = 


If the length of a string is kept constant and 
its tension varied the frequency of vibration 
will change. Experimentally it is found that 
as the tension is increased the frequency in- 
creases. However, if the tension is doubled 
the frequency is not doubled. A set of cor- 
responding values of tension and frequency is 
shown in Table 22-4. 


Table 22-4 


FREQUENCIES OF A STRETCHED STRING 
UNDER VARIOUS TENSIONS 


Tension in string Frequency of note produced 


(newtons) (c/sec) 


A careful examination of this table shows 
that the frequencies are in the ratio 2:3:4: 
5:6:7. The corresponding tensions are in the 
ratio 22:32:42:52:62:72. The square roots of 
the tensions are in the ratio 2:3:4:5:6:7. 
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Hence the frequency of the sound produced by 
a vibrating string varies directly as the square 
root of the tension. This means that the ten- 
sion in a stretched string must be increased 
by a factor of 4 in order to double its fre- 
quency, and by a factor of 9 in order to treble 
it, and so on. 

If the sounds emitted by several strings, 
which differ only in diameter or density, are 
heard, it becomes apparent that as the diameter 
or density increases the pitch decreases. The 
precise relationships, substantiated experimen- 
tally, are as follows. The frequency of the 
sound produced by a vibrating string varies 
inversely as its diameter and inversely as the 
square root of the density of the material of 
which the string is made. 

Thus the principal factors governing the 
natural frequency of a stretched string are its 
length, tension, diameter and density. These 
factors play their part in the construction of 
stringed instruments. The piano serves as an 
example where there are one, two or three 
stretched steel wires for each of the seven 
dozen or more keys on the keyboard. Each 
key, when depressed, activates a felt hammer 
which strikes a set of wires causing them to 
vibrate. The long thick wires produce the 
bass notes while the short thin wires produce 
the treble notes. If the tension in the wires 
decreases through constant use the frequencies 
of various wires will also drop and a piano 
tuner must then adjust the tensions in order to 
tune the piano so that each string renders the 
correct pitch. 

Piano wires vary in tension, length, diameter 
and density. This enables a piano to be built 
with wires that are neither excessively long, 
nor have an excessive tension in them. Thus, 
again, we realize that physics plays its part, 
even in the manufacture of pianos. 
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EXERCISES and PROBLEMS 


A 


1. For each of the following, state the part that 
causes the air to vibrate when sound is produced: 
(a) a drum, 
(b) a mouth-organ, 
(c) a siren, 
(d) a woman speaking, 
(e) a card held against a rotating toothed wheel, 
(f) a chirping cricket, 
(g) a record player. 


2. The speed of sound in air at 0°C is 332 m/sec. 
Describe briefly how this speed may be deter- 
mined. 


3. What is the speed of sound in air at (á) 25°C, 
(b) —10°C? 


4. Calculate the distance travelled in air by a 
sound wave in 25 sec at a temperature of 30°C. 
5. A sound wave having a frequency of 240 c/sec 
travels through each of the following for 0.010 
sec: aluminum, copper and lead. What is the 
wavelength of the sound wave and the distance 
travelled by it in each metal? (See Table 22-1.) 
6. A ship emits a sound wave to the bottom of 
the ocean in water through which the speed of 
sound is 1400 m/sec. It takes 0.450 sec for the 
echo to return after the production of the sound. 
How deep is the water? 
7. A sound wave travels first over water where 
the air is cool and then over land where the air 
is considerably warmer. What changes, if any, 
take place in the velocity, frequency and wave- 
length of the sound wave as it passes from the 
cool air to the warmer air? 
8. Describe the difference between the sound 
wave produced by a violin when a string is bowed 
in contrast to that produced when the violin is 
dropped on the floor. Name each type of sound. 
9. A man and woman each hum a musical note, 
(a) In what three characteristic ways may the 
notes differ? 
(b) State the characteristics of the sound which 
would be controlled primarily by (i) the tension 
in the vocal cords, (ii) the rate of flow of air 
from the lungs, (iii) the shape and size of the 
nasal and mouth cavity. 
10. State the approximate change in intensity of 
a sound as heard by a listener if: 
(a) his distance from the source is (i) doubled, 
(ii) trebled; 
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(b) the amplitude of vibration of the wave is 
(i) doubled, (ii) trebled. 


11. Describe briefly how a stretched string may 
be made to vibrate at different frequencies by 
plucking it, without altering its length, tension, 
diameter or density. If the lowest natural fre- 
quency of the string is 120 c/sec, state the next 
three frequencies with which it may readily be 
made to vibrate. Name each mode of vibration. 


12. A stretched string has a fundamental fre- 
quency of 160 c/sec. What is the frequency of 
the sound produced by the string if it vibrates with 
6 nodes in the string, including a node at each 
end? 


13. State whether each of the following changes 
increases or decreases the frequency of a vibrating 
string. 

(a) Its length is increased. 

(b) Its tension is decreased. 

(c) Its diameter is increased. 

(d) Its density is decreased. 


14. The lowest tone of a violin has a frequency of 
192 c/sec. What is the frequency of a tone which 
is: 

(a) three octaves higher? 

(b) two octaves lower? 


15. A stretched string, 90 cm in length, emits a 
sound with a frequency of 200 c/sec. Assuming 
that its tension remains constant: 
(a) What would its frequency be if its length 
were (i) increased to 126 cm? (ii) decreased by 
18 cm? 
(b) What should its length be changed to so 
that it would have a frequency of (i) 300 c/sec? 
(ii) 150 c/sec? 


16. (a) Brass and iron do not differ greatly in 
density. The speed of sound in a metal 


E fant | the elasticity of the metal. 
Freer the density of the metal 
From this formula and the information in 
Table 22-1, determine which of two balls, one 
brass and the other steel, will bounce to a 
greater height if dropped from the same point. 
State your reasoning. 


(b) As air becomes warmer its elasticity does 
not change appreciably. Explain why the 


speed of sound in air increases as the tempera- 
ture rises. 


17. A vibrating string has a fundamental fre- 
quency of 140 c/sec. It is 120 cm in length and 
vibrates in air which has a temperature of 30°C. 
(a) What is the velocity of the sound wave 
produced? 
(b) What is the wavelength of the sound wave? 
(c) What is the wavelength of the sound wave 
produced when the string is vibrating in its 
fourth overtone? 
(d) What is the distance between successive 
nodes in the string when it is vibrating in its 
third overtone? 
18. If in Table 22-4 one tension is T, and the 
corresponding frequency is f, and another tension 
is T, with corresponding frequency f, derive the 
mathematical relation between f, fj, T, and T. 
19. (a) By what factor must the tension in a 
vibrating string be increased so that its pitch 
is increased by 2 octaves? 
(b) If a string initially has a frequency of 384 
c/sec and a tension of 144 N, what will the 


THE NATURE OF SOUND 


new frequency and tension be if the pitch 
is lowered (i) one octave? (ii) two octaves? 


20. A piano string has a frequency of 240 c/sec. 
A piano tuner changes its tension from 90 to 
160 N. What will the new frequency be? 


€ 
21. A string 80.0 cm long has a frequency of 
420 c/sec when under a tension of 96 N. What 
frequency does the string have when its length is 
increased to 100 cm and its tension reduced to 
72N? 


22. A sound wave travels along 300 m of copper 
pipe and then 500 m of iron pipe. With the aid 
of Table 22-1 determine the time taken to travel 
the 800 metres of pipe and calculate the average 
speed of the wave. 


23. A boy swimming under water heard an ex- 
plosion. He heard the same explosion again 2.65 
sec later; his head was then above water. If the 
speed of sound was 3.40 x 10? m/sec in air and 
1.40 x 103 m/sec in water, determine the distance 
of the explosion from the boy. 
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WAVES OF SOUND 


It is quite usual for several sound waves to 
travel through a medium at the same time. 
When two such waves meet at one point inter- 
ference occurs. In Chapter 21 the interference 
of water waves was discussed and in much the 
same manner we find that sound waves inter- 
fere with each other to produce similar patterns 
of constructive and destructive interference. 


SOUND WAVES NEAR A TUNING FORK 


If a sounding tuning fork is held close to the 
ear and rotated, the sound is alternately strong 
and weak in intensity. If the fork is rotated 
at the open end of its resonance box this vari- 


c dp geo 
AT 


F 
Fig. 23-1. When a tuning fork is vibrating, as shown in 
this cross-section drawing, the maximum intensities of the 
sound produced will be in the directions A, C, E and G. 
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ation in loudness is amplified and becomes 
quite apparent. Fig. 23-1 represents a cross- 
sectional view of the prongs (P and Q) of 
the fork. If the ear or resonance box is situ- 
ated in any of the regions marked A, C, E or 
G the intensity of the sound heard is a maxi- 
mum. In the regions marked B, D, F or H 
the intensity is a minimum. In fact, under 
ideal conditions, no sound would be heard in 
these four regions. 

When the tuning fork vibrates, the prongs 
move alternately towards each other and then 
apart. As they move inwards they compress 
the air, forming a region of increased air 
density between the prongs, and regions of 
below normal air density outside the prongs. 
Thus a compression is formed at X while 
rarefactions occur at Y. Half a cycle later 
the prongs are moving outwards and a rare- 
faction is formed at X while compressions 
occur at Y. 

As the tuning fork vibrates, two sets of wave 
disturbances are emitted. One originates from 
X and travels mainly in the directions A and E, 
while the other originates from Y and travels 
mainly in the directions C and G. These two 
sets of disturbances are constantly in opposite 
phase. 

The source X acts somewhat as a point 
source, sending out circular wave fronts but 
the amplitude of the front is not the same in 
all directions. It is greatest in the directions 
A and E and gradually decreases to a mini- 
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Fig. 23-2. When the tines of a tuning fork are coming 
together a compression will move out in the direction 


indicated in (a) by the crosses. The size of the cross 


mum in the directions C and G. Fig. 23-2(a) 
shows what occurs to a compression which has 
moved out from X and is some distance from 
the tuning fork. The relative magnitude of 
the amplitude is indicated by the size of the 
crosses for compression. Fig. 23-2(b) shows 
what occurs to the corresponding rarefactions 
which have moved out approximately the same 
distance from Y. The magnitude is indicated 
by the size of the circles for rarefaction. 

Now if Fig. 23-2(a) and Fig. 23-2(b) are 
superimposed on one another as in Fig. 23-3, 
the two sets of waves which are in opposite 
phase interfere destructively in the directions 
B, D,F and H. If the ear is in the direction B 
it receives simultaneously two waves which 
are in opposite phase and complete cancella- 
tion occurs. In the direction A, however, 
there is constructive interference, and so the 
sound is at its maximum. 

The interference, and hence the cancellation 
of sound at B, can be eliminated by screening 
out the wave fronts from X with a barricade 


indicates the relative size of the intensity at that point. 
At the same time, as in (b), a rarefaction will move out 
as indicated by the circles. 


Fig. 23-3. When the two patterns in Fig. 23-2 are super- 
imposed, the sizes of the crosses and circles in the areas 
B, D, F and H are approximately equal. In these areas, 
then, the pulses of compression and rarefaction are ap- 
proximately equal and so cancel one another, leaving 
areas A, C, E and G as regions of maximum intensity. 
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Barrier 


Fig. 23-4, By shielding one tine of a tuning fork, inter- 
ference between the two tines is eliminated and cancel- 
lation of the sound at B and D is avoided. 


EXPERIMENT III-1 


The Interference of Sound Waves 


1. Strike the tines of an unmounted tuning 
fork against the heel of your hand or some 
other soft surface. As the tuning fork is 
sounding hold it with its tines vertical and 
rotate it slowly about its axis, holding it 
near your ear. Make a sketch to illustrate 
the variation in loudness at different loca- 
tions relative to the tuning fork. 


- Cut a slot in a foot square piece of card- 
board or heavy paper, the width of a tine 
of the tuning fork and about two inches 
long. Sound the fork and hold it with one 
tine close to the slot and parallel to it. 
Describe the change in loudness when the 
fork is near the slot. Approach the fork 
to the slot in different positions. When does 
the loudness of the sound change? How 
can you account for the effect of the slot on 
the loudness of the sound? 


. Two identical forks can be used to illustrate 
beats if an elastic band is wound around a 


tine of one of them. Sound the two forks 
at the same time and hold them by their 
shafts against the desk top. 


placed as shown in Fig. 23-4. This barrier 
may consist of a sheet of cardboard in which 
a slot, slightly larger than the prong of the 
fork, is cut. The cardboard is placed so that 
the prong Q is within the slot. This card- 
board then shields the wave fronts originating 
at Y near Q from those which originate at X, 
and there will no longer be regions of silence 
at B and D. 

The silent regions near a tuning fork present 
an example of the interference of two sets of 
waves that originate from sources which have 
the same frequency but are in opposite phase. 
It should be noted that the distance between 
the sources X and Y must be small compared 
with the wavelength of the sound produced so 
that waves from X will arrive at any point with 
the opposite phase to that of the waves from 
Y. The distance between X and Y for a 
typical tuning fork is about one centimetre 
and this is small in comparison to the wave- 
length, about 130 centimetres, of the sound 
wave produced by a 256-cycle-per-second tun- 
ing fork sounding in air at room temperature. 


PRODUCTION OF BEATS 


We now consider the interference of two wave 
fronts generated by two sources of slightly dif- 
ferent frequencies which are sounded simul- 
taneously. Two identical tuning forks are 
mounted on their resonance boxes. Very small 
metal clamps are then attached to the prongs 
of one fork, thus increasing the mass of the 
prongs, and therefore their inertia. This results 
in slower motion causing the loaded fork to 
vibrate with a slightly lower frequency than 
the unloaded fork. (In place of the small 
metal clamps the addition of a little wax or 
plasticine is satisfactory.) When the two forks 
are sounded simultaneously the sound that is 
heard is alternately loud and soft, repeatedly 
rising and falling in intensity. The periodic 
changes in intensity are called beats. 

The waves generated by the forks may reach 
the ear in phase at some particular instant. 
This occurs when two compressions or two 
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Fig. 23-5. When two wave trains of similar frequencies from one wave will coincide with a rarefaction from the 


are superimposed there will be times at which compres- 
sions from each wave train will coincide and interfere 


constructively. At equal intervals of time a compression 


rarefactions, one from each fork, meet at the 
ear together. They reinforce each other pro- 
ducing an occurrence of maximum intensity. 
Since the frequencies are unequal, more waves 
per second reach the ear from the unloaded 
fork than from the loaded one. The waves 
gradually become more and more out of step 
with each other until they arrive at the ear in 
opposite phase. At this instant a compression 
from one fork and a rarefaction from the other 
meet at the ear. They cancel each other pro- 
ducing an occurrence of minimum or zero in- 
tensity. Each cycle of intensity from maxi- 
mum to maximum or from minimum to mini- 
mum may be considered to form one beat. 

In Fig. 23-5 the upper line represents a 
wave train produced by a fork vibrating at 40 
cycles per second for one fifth of a second. In 
this time it generates eight waves. Each wave 
is represented by the space between the mid- 
point of one compression C and the mid-point 
of the next C with a rarefaction R halfway 
between. The lower line represents a wave 
train produced by a fork (the loaded one) 
vibrating at 30 cycles per second. This latter 
fork generates only 6 waves in the fifth of a 
second. The wave trains are in phase at the 


other and destructive interference will occur. This alter- 
nating constructive and destructive interference will give 
rise to pulses of sound known as beats. 


zero seconds mark, where two compressions 
reinforce each other producing a sound of 
maximum intensity. A little later, in 0.05 sec- 
ond, the two wave trains are in opposite phase, 
a compression interfering with a rarefaction, 
producing minimum intensity. In 0.10 second 
maximum intensity occurs again, then a mini- 
mum in 0.15 second, and so on. The period of 
a beat may be considered as the time between 
two successive maximum or minimum sounds. 
In this case the period of the beat is 0.10 sec- 
ond and in one fifth of a second two beats 
will be formed. The beat frequency is the 
number of beats per second and here it is 2 
beats per fifth of a second or 10 beats per sec- 
ond. Note that the difference between the fre- 
quencies of the two tuning forks is 10 cycles 
per second. 

Fig. 23-6 shows a transverse wave repre- 
sentation of two wave trains generated by forks 
having frequencies of 30 and 27 cycles per 
second over a period of one second. At A, C, 
E, and G the waves are in phase, interfering 
constructively to produce maximum intensity. 
At B, C, and F they are in opposite phase, in- 
terfering destructively to produce minimum in- 
tensity. The resultant wave pattern (shown 
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One beat 


One second 


One beat 


One beat 


Beat frequency — 3 beats/second 


Fig. 23-6. A representation of the wave train generated 
by the interference of two wave trains may be obtained 
by the addition of the two trains. The resultant amplitude 
is maximum when the two wave trains are in phase. The 


below the separate wave patterns) is formed 
by the addition of the two waves and repre- 
sents the sound which is actually heard by the 
ear. Here the beat frequency is 3 beats per 
second as is evident from the diagram. Again, 
note that the difference between the frequencies 
of the forks is 3 cycles per second. In general 
it is found that the beat frequency equals the 
difference in frequency of the two forks. 

The application of beats simplifies thc prob- 
lem of tuning musical instruments or of com- 
paring the frequency of a stretched string with 
that of a tuning fork. The Strings tension 
may be varied until beats occur when the string 
and fork are sounded together. Further ad- 
justment of the tension can be made to reduce 
the beat frequency until the beats are elimi- 
nated. The pitch of both fork and string are 
then known to be equal. The phenomenon of 
beats extends to all types of waves. For exam- 
ple, the “squeals” produced by some radios are 
due to beats between the frequencies of signals 
from different radio wave sources, 


INTERFERENCE FROM TWO IDENTICAL 
SOURCES 


An audio-frequency generator and an amplifier 
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alternation of maximum and minimum intensities produces 
a beat frequency equal to the difference in the frequencies 
of the original waves, Thus when wave trains of 30 c/sec 
and 27 c/sec interfere there will be 3 beats per second. 


may be connected in parallel to two loud- 
speakers. The speakers are connected to the 
same source and therefore generate identical 
wave patterns which travel from the speakers 
with circular wave fronts. The wave fronts from 
the two sources interfere with one another in a 
manner similar to the waves produced in the 
ripple tank by two point sources as in Fig. 
21-15. In the neighbourhood of the speak- 
ers there are regions of comparative silence 
along the nodal lines and regions of maximum 
intensity about midway between them. 

If the speakers are at points A and B and a 
listener is at point P then the waves from A 
and B will reach point P in phase if PA = PB, 
that is, if PA — PB equals zero. This occurs 
along the perpendicular bisector of AB. The 
waves will also reach P in the same phase 
provided PA and PB differ by one wavelength, 
two wavelengths, or any whole number of 
wavelengths. In each case the sound heard 
will be of maximum intensity. At points where 
PA and PB differ by 124, 114A, 214A, and so 
on, where A is the wavelength, the waves arrive 
at P in opposite phase and comparative silence 
is produced. All such points lie on the nodal 
lines, 


MECHANICAL RESONANCE 


A large boy sitting in a swing can be set into 
vibration by a small boy who applies com- 
paratively small impulses of force at the proper 
times. If the small boy pushes the large one at 
intervals which are too close together or too far 
apart he cannot build up a large amplitude of 
swing. The impulses of the small boy must 
synchronize with the natural frequency of the 
swinging boy. 

A car which is stuck may often be rocked 
out of a depression in the ground by a series 
of properly timed pushes which synchronize 
with the natural frequency of the car. These 
properly timed pushes are each much smaller 
than the single steady force needed to haul the 
car out of the depression. 

A column of marching soldiers can set a 
bridge into violent vibration if the frequency 
of their marching happens to equal the natural 
frequency of the bridge structure. It is gen- 
erally customary for columns of soldiers to 
“break step" when marching across a bridge. 

A rattle in the family car may be noticeable 
at a certain speed but not at lower or higher 
speeds. The loose part which vibrates exces- 
sively has a natüral frequency which equals 
the frequency generated by the motor when 
moving at a particular speed. At other speeds 
the impulses of the motor act on the loose part 
but with frequencies which do not match its 
natural frequency and which are therefore in- 
effective unless they are unusually large. 

These examples illustrate the phenomenon 
called resonance which is the response of an 
object to the action of a periodic force which 
has the same frequency as the natural fre- 
quency of the object or, in other words, the 
building up of a large vibration by the repeated 
application of small impulses which synchro- 
nize with the natural frequency of the resonat- 
ing object. If forces are applied to an object 
causing it to vibrate at a frequency other than 
its natural frequency, the forces must be com- 
paratively large and the object vibrates with 
a forced frequency, not a resonant frequency. 
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Wooden block 


Fig. 23-7. A system may be made to resonate by applying 
a vibration whose frequency equals its natural frequency. 


In the laboratory an excellent, yet simple, 
demonstration of resonance may be given using 
a length of elastic rubber and a small block of 
wood. The rubber should be about four yards 
in length, rather thin and very elastic. At its 
mid-point is attached a small block of wood. 
One end of the rubber is attached to a fixed 
point and the other is held in your hand so 
that the rubber is approximately horizontal as 
in Fig. 23-7. First, vibrate your hand in a 
direction parallel to the rubber, but do so very 
slowly in an attempt to make the wood vibrate 
back and forth in the same direction as the 
hand. Second, vibrate your hand very rapidly. 
Finally, vibrate your hand at the natural fre- 
quency of the system. This frequency may be 
felt or sensed by using a very small amplitude 
of the hand, and timing its vibrations to match 
those of the block. 

In the first case, the hand's frequency is be- 
low the natural frequency of the block and in 
the second case it is above. Either case results 
in a small amplitude of vibration of the block 
even though the energy supplied by the hand 
appears to be considerable. However, in the 
last case, small vibrations of the hand timed 
to synchronize with the natural frequency of 
the system cause large vibrations of the block. 
The block is resonating with the hand. Thus 
when energy is applied periodically in small 
pulses synchronized with the natural frequency 
of a system, the system is set in vibration, and 
in general the vibration has a comparatively 
large amplitude. 
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(a) L N 


Fundamental 

(b) E N L N 
First overtone 

(c) L N L N L N 


Second overtone 


Fig. 23-8. An air column in a tube closed at one end will 
tend to vibrate with a node at the closed end of the 
tube and an antinode, or loop, at the open end of the 
tube. The fundamental (a), the first overtone (b) and the 
second overtone (c) will thus have nodes and loops as 
shown. 


ACOUSTIC RESONANCE 


Periodic impulses necessary for producing res- 
onance may be transmitted by sound waves. 
If the sustaining pedal (sometimes called the 
loud pedal) of a piano is held down, all the 
strings inside are free to vibrate. Then if a 
person sings a note of frequency 256 cycles 
per second into the open piano, the middle C 
string may be set into vibration and may be 
heard after the singer stops. The middle C 
string has a natural frequency of 256 cycles per 
second and responds in resonance to the energy 
impulses of the sound waves striking the piano. 
The other strings in the piano fail to respond 
to the sound wave since the frequency of the 
sound wave does not equal their natural fre- 
quencies. In this example the middle C string 
is said to vibrate in sympathy with the sound 
wave, and its vibrations may be referred to as 
sympathetic vibrations. 

Imagine two identical tuning forks, mounted 
on their resonance boxes, and placed on a table 
with their open ends facing each other some 
distance apart. If the first is set into vibration 
for a second or two and then stopped, the 
second fork is found to be vibrating with suf- 
ficient strength to be easily heard. The first 
fork, aided by its resonance box, sets the 
neighbouring air into vibration by means of 
longitudinal waves. This energy is then trans- 
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ferred to the second resonance box and its 
tuning fork until the latter responds to the 
small but properly timed impulses and vibrates 
strongly. If the second fork is loaded with a 
small weight, such as plasticine or wax, and 
the experiment is repeated, it is found that the 
second fork does not respond to the energy 
impulses from the first. Its new natura! fre- 
quency does not match the frequency of the 
periodic impulses and resonance no longer 
occurs. 


THE NATURAL FREQUENCY OF 

AIR COLUMNS 

A vibrating column of air in a tube has a nat- 
ural frequency and this fact is used in the 
construction of a number of musical instru- 
ments such as woodwinds and horns. For cen- 
turies it has been known that the frequency of 
vibration of an air column depends on its 
effective length. We find that modes of vibra- 
tion in air columns can be analyzed in much 
the same manner as modes of vibrations in 
stretched strings. 

When a compression approaches the closed 
end of a tube the particles of air in contact with 
the solid end of the tube are not free to vibrate 
and so the closed end of a tube is a node. If 
a compression approaches the open end of a 
tube it suddenly breaks out into the open and 
the particles of air which were compressed 
rush apart leaving a partial vacuum or rarefac- 
tion. The particles at the open end, therefore, 
experience a maximum amplitude of vibration 
and the open end of a tube is an antinode. 

Remembering that two successive nodes or 
antinodes are half a wavelength (15A) apart 
we can draw diagrams of various modes of 
vibrations of air columns. For a pipe, closed 
at one end only, the fundamental has a node 
at the closed end and its adjacent antinode at 
the open end. Its length must then equal 14A as 
in Fig. 23-8(a). The first overtone is similar 
but must have an additional node and antinode 
between the ends as in Fig. 23-8(b), and so on 
for succeeding modes of vibration as in Fig. 
23-8(c). For the first overtone, the tube length 


must be 34A, for the second overtone the length 
must be 114A, and so on. 

If a tuning fork of known frequency is 
sounded in a room of known temperature then 
we can easily calculate the wavelength of the 
sound wave produced. Suppose that we hold 
the sounding tuning fork over a column of 
air as shown in Fig. 23-9. This column is 
open at the top, closed at the bottom and is 
adjustable in length. As the water in the tube 
is moved up and down, by the raising or lower- 
ing of the reservoir, it is noticed that the sound 
heard is more intense at certain definite lengths 
of the air column. These are resonant lengths 
in which the air resonates with the tuning fork. 
The shortest resonant length has the greatest 
intensity and is found to be 14A in length. The 
next is 24A, the next 114A and so on. The 
wave patterns in Fig. 23-10 show how a stand- 
ing wave naturally fits the conditions that have 
been stated for the fundamental and overtone 
modes of vibration, namely, that there is a node 
at the closed end and a loop, or antinode, at 
the open end. 

For a tube which is open at both ends, the 
resonant lengths of the air columns within it 
must be such that a loop exists at each end as in 
Fig. 23-11. The first resonant length must 


Air column 


Fig. 23-9. Resonating lengths of air columns can be 
found by holding a tuning fork over an air column whose 
length can be varied until resonance is heard. 


WAVES OF SOUND 


Fig. 23-10. Transverse wave patterns representing stand- 
ing waves in a tube closed at one end show that there 
is a node at the closed end of the tube and an antinode, 
or loop, at the open end of the tube. 


Fig. 23-11. When a tube is open at both ends, there 
| be loops, or antinodes, at the two ends of the air 
column in the tube, and one or more nodes in the middle 


wil 


of the tube. 
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Fig. 23-12. Air vibrating in an open-ended tube has half the 


L=Loop N=Node 


——— 10 cm 


end. 


fundamental wavelength of air vibrating in a tube closed at one 


Therefore by closing the end of a whistle we can halve 


the frequency of the sound produced. 


then be 14); the second is A; the third is 114A, 
and so on. This again agrees with experi- 
mental results. The fundamental frequency or 
corresponding first resonant length is produced 
when there are the fewest possible nodes and 
loops within the air column. 

Fig. 23-12(a) shows a whistle, 10 centi- 
metres in length from the blowhole to the open 
end. If it produces its fundamental frequency 
there will be a loop at the blowhole and another 
at the open end with only one node between. 
That is, from blowhole to open end equals 15A 
which is 10 centimetres and hence A = 20 cm 
= 0.20 m. If the velocity of sound is 340 
m/sec we can determine the fundamental fre- 
quency of the whistle since frequency equals 
velocity divided by wavelength. That is, 

y 


f-i 


340 m/sec 

0.2m 
1700 c/sec. 
Thus the open whistle has a frequency of 
1.7 x 10? c/sec. If the open end is plugged, 
as in Fig. 23-12(b), there is a loop at the blow- 
hole and a node at the plug. Here 444 = 10 cm, 
à = 40 cm and 


ll 


_ 340 m/sec 

^ 0.4m 

=1850'¢/sec, 
so that the plugged whistle has a fundamental 
frequency of about 8.5 x 10? c/sec. Musical- 
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ly speaking, this means that by plugging the 
end of the whistle we lower the pitch of the 
note by an octave. 


WIND INSTRUMENTS 


Musical instruments, such as organs, wood- 
winds and horns, are based on the principle of 
resonant lengths of air columns. A means of 
vibrating the air within the instrument must 
exist. This is accomplished by compressed 
air which rushes into a column and strikes a 
lip or reed. The lip or reed causes variations 
in pressure in the air and hence the air column 
is set in vibration as in a system of organ pipes. 
Each pipe or air column is designed to resonate 
at a certain fundamental frequency. Overtone 
structures also occur in the pipes, adding 
greatly to the rich quality of the sounds pro- 
duced by an organ. The flute and piccolo de- 
pend on the vibration of a lip to set the air in 
motion, while the clarinet, bassoon, saxophone 
and oboe depend on the vibration of one or 
more reeds. In brass instruments, such as the 
trombone, cornet and trumpet the air column 
is set in vibration by vibrations of the lips of 
the player, the lips acting as a double reed. 

In wind instruments differences in pitch are 
normally obtained by altering the length of the 
air column. This is done in woodwinds by 
opening and closing holes or valves in the in- 
strument to alter its effective length. In brass 
instruments, the length of the air column is 
changed either with valves which close off vari- 
ous sections of the tube as in the cornet, or in 
the trombone by sliding the U-shaped telescopic 
part of the tube. In all these instruments the 
principles of resonance and overtone structure 
play an important part in the production of 
musical sound. 


RCISES and PROBLEMS 


A 


1. State the regions, if any, near the tuning fork 
shown in Fig. 23-3 where there is an occurrence 
of 

(a) destructive interference, 

(b) constructive interference. 


2. Two tuning forks having frequencies of 256 
c/sec and 254 c/sec are sounded together. How 
many times in 8 seconds will the resulting sound 
from the two forks reach a maximum intensity? 


3. A tuning fork having a frequency of 256 c/sec 
is sounded together with a note produced by a 
piano. If the beat frequency heard is 3 beats per 
second what are the possible frequencies produced 
by the piano? 
4. A third fork of unknown frequency is sounded 
in turn with each of the forks mentioned in 
Question 2. What is the frequency of this fork if 
(a) 8 beats are heard in 8 seconds with each 
fork? 
(b) 8 beats are heard in 8 seconds with the 
254-c/sec fork and 24 beats are heard in 8 sec 
with the 256-c/sec fork? 


5. A piano tuner sounds a pitch pipe which has 
a frequency of 32 c/sec at the same time that he 
strikes a note on the piano which should emit a 
sound of 32 c/sec. However, he hears 2 beats per 
second. He then increases the tension in the 
corresponding string, repeats his test but observes 
3 beats per second. Should he then further in- 
crease or decrease the tension in the piano string? 


6. A vibrating string is sounded with a 256-c/sec 
tuning fork and 15 beats are counted in 5 seconds. 
The tuning fork is then loaded with a small 
amount of plasticine and 10 beats are counted 
in 5 seconds. 

(a) What is the frequency of the string? 

(b) What is the frequency of the loaded fork? 


7. Two loud-speakers, A and B, which are in 
phase, emit identical waves which travel towards 
each other. A and B are 24 metres apart. An 
observer who walks from A to B hears a sound 
of maximum intensity every 3.0 metres. Deter- 
mine the frequency of the sound waves when the 
speed of sound is 342 m/sec. 

8. When a tall thin tumbler is gradually filled with 
water there is a rise in the pitch of sound heard. 
Explain why this is so. 


WAVES OF SOUND 


9. A musical note is heard when a person blows 
across the open end of a test tube. If the test tube 
is removed and the person blows again no musical 
sound is heard. Account for the difference be- 
tween the two cases. 


10. The floor of a kitchen vibrates because of a 
laundry dryer in action. A glass of water stands 
on the kitchen table. For certain speeds of 
rotation of the dryer, stationary concentric ripples 
are observed on the surface of the water. Explain. 


11. What is the longest wavelength of a note 
produced by a resonating tube, 20 inches in 
length, if the tube 

(a) is open at both ends? 

(b) is closed at one end only? 


12. A vibrating tuning fork is held above the open 
end of an adjustable air column the other end of 
which is closed. The length of the column is 
allowed to increase gradually. The first oc- 
currence of resonance is observed when the 
column is 20 cm in length. 

(a) What is the wavelength of the sound wave 

produced by the fork? 

(b) What is the frequency of the fork if the 

velocity of sound in air is 340 m/sec? 


13. The air in a narrow tube, 34 cm long and 
closed at one end only, resonates with a 256-c/sec 
tuning fork. Calculate the speed of sound in air. 


14. A marine siren consists of a resonance cylin- 
der 72 cm in length closed at one end. If 
sound travels through the air at 336 m/sec deter- 
mine the fundamental frequency of the siren. 
15. The third resonant length of an air column, 
closed at one end only, is 72 cm. Determine the 
first and second resonant lengths. 

16. A 190-c/sec tuning fork is held over an ad- 
justable, vertical air column which is closed at the 
lower end. The velocity of the sound in air is 
1140 ft/sec. Determine the first and second 
resonant lengths of the air column. 


B 


17. If the air temperature is 20°C and a 200-c/sec 

tuning fork causes air in a tube, which is open at 

both ends, to resonate, determine the shortest 

length possible for the tube. 

18. The second resonant length of an adjustable 

tube, closed at one end only, is 6.0 ft. The tube 
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resonates with an applied frequency of 140 c/sec. 
From this data determine the speed of sound in 
air. 
19. On a day when the speed of sound is 340 
m/sec, a saxophonist adjusts the keys of his instru- 
ment so that from the reed to the first open hole 
is 85 cm. In operation, sound waves are reflected 
from the reed as from a fixed surface, so that the 
saxophone behaves like a pipe closed at one end. 
What are the frequencies of the fundamental and 
the first two overtones? 
20. A tube, closed at one end and 40 cm in length, 
resonates with a 220-c/sec tuning fork held near 
its open end. Determine the speed of sound in 
air. 
21. A signal whistle is 8.0 cm long from the open 
end to the blowhole. It the speed of sound is 
336 m/sec, determine the fundamental frequency 
of the whistle when the open end 

(a) is left open, 

(b) is plugged. 
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22. A resonance tube is 28 cm in length. Calcu- 
late the lowest frequencies possible of two differ- 
ent forks which will cause resonance in this tube 
when the temperature is 30° C and 

(a) the tube is open at both ends, 

(b) the tube is open at one end only. 


23. A whistle consists of two tubes 2.50 cm and 
2.75 cm in length. Each tube is closed at one end 
and open at the other. When blown each tube 
emits sound of the fundamental frequency cor- 
responding to its length. However, the frequency 
of the sound that is heard is primarily that of the 
beat frequency produced by the two tubes. If the 
velocity of sound in air is 341 m/sec, determine 
the frequency of the sound heard. 


24. Two identical organ pipes, both at 30°C, are 
sounding tones of frequency 500 c/sec. The 
temperature of one pipe goes up to 35°C. What 
is the beat frequency produced? 


EN. í, 


THE NATURE OF LIGHT 


Animals are able to see because in the course 
of evolution there have developed specialized 
nerve cells that are sensitive to light. Light 
could then be defined as whatever produces a 
reaction in the retina of an eye. Light is one 
of the forms of radiation by which energy 
reaches the earth from the sun. 

We would probably like to be able to say 
what light is in a brief, complete definition. 
However, it is usual to define something in 
terms of things that are simpler and more 
basic, Since seeing is one of our earliest experi- 
ences, and since most of us see throughout 
most of our waking hours, it is very difficult 
to find anything more simple and basic than 
light to use in a definition. 

Another way of defining something is to 
list its properties. Children learn to distin- 
guish between horses and cows by means of 
the various differences in their appearances. So 
à definition of light may consist of the features 
of light by which it can be distinguished from 
anything else. Our concern, then, will be with 
the properties or behaviour of light. After this 
description we can consider the theories that 
have been advanced to fit the behaviour of 
light into the general scheme of the physical 
world, Then it will be worthwhile to investi- 
gate the behaviour of light in more detail to 
be able to discover the principles that govern 
the design of optical instruments. 


SOURCES OF LIGHT 


Most things are seen by reflected light. Objects 
which are seen by the light they produce them- 
selves are said to be luminous. In a list of 
luminous objects, many would be found to 
have a high temperature. When the tempera- 
ture of a poker in a fire exceeds about 800°C, 
the poker begins to glow a dull red. The tem- 
perature of the glowing filament of a light bulb 
is about 3000°C. Objects which emit light 
because of their high temperature are said to 
be incandescent. In an incandescent lamp, 
heat energy is transformed into light (or radi- 
ant) energy. Other energy transformations 
are also able to produce light; for example, in 
fluorescent lamps and neon lights, electrical 
energy is more directly transformed to light. 
Since litlle heat is involved, these are some- 
times called “cold” lights. As we shall see 
later, the emission of light from an object is 
essentially an atomic process. 


THE TRANSMISSION OF LIGHT 


Light spreads out from a source at an incredi- 
bly high speed. In everyday experience we 
have no evidence that light takes any time at 
all to get from its source to our eyes and for 
many centuries it was believed that light trans- 
mission was in fact instantaneous. Early in 
the seventeenth century Galileo attempted to 
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Fig. 24-1. In 1676 Roemer determined the speed of light 
by observations of Jupiter's moon. Jupiter's moon is not 
visible as it passes through Jupiter's shadow from C to 
D. Roemer measured the time interval between successive 
passages of the moon through D; this is the time for one 
orbit of the moon. As the earth moved from K towards 
L, this time was greater than the average. As it moved 
from F towards G, the time was less than average. After 
the earth had travelled 90 million miles from K to L, the 
moon's emergence at D appeared to be 10 minutes late. 
Roemer attributed this delay to the time required for light 
from Jupiter's moon to travel the extra 90 million miles to 
earth, Ninety million miles in 10 minutes or 600 seconds 
represents a speed of 150 000 miles per second. 


measure the time required for light to travel 
approximately a mile. However, he could not 
obtain consistent results, and concluded that 
the transmission of light was either instanta- 
neous or extremely rapid. To be able to make 
Galileo's method work it would be necessary 
to measure very short times, or to make mea- 
surements over a very long distance. It was 
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by the latter method that the first indication 
of the speed of light was obtained. 

In 1676 a Danish astronomer, Ole Roemer, 
announced the results of observations he had 
made of one of the moons of the planet Jupiter. 
By the method described in Fig. 24-1, Roemer 
calculated that the speed of light was about 
150000 miles per second. In 1729 James 
Bradley, an English astronomer, discovered 
that an apparent motion of stars could be 
accounted for by attributing to light a speed 
of about 190 000 mi/sec. 

It was not until the middle of the nineteenth 
century that mechanical techniques were re- 
fined to the point that the speed of light could 
be measured over a short distance on earth. 
Methods of measuring very short time inter- 
vals were developed by Armand Fizeau with a 
rotating toothed disc and by Léon Foucault 
using a rotating mirror. Their method was 
refined by Albert Michelson as shown in Fig. 
24-2. 

The accepted value of the speed of light 
is 1.863 x 10° mi/sec or, more accurately, 
2.99793 x 10° m/sec. It is usual to use 


Fig. 24-2. 
apparatus to measure the speed of light. Light reflected 
rom face a of the rotating mirror K was returned by the 
mirror L. In the time that it took the light to travel the 44 
miles from K to L and back, the mirror K rotated so that 
the light was received on face b. In this interval the 
mirror rotated through one eighth of a revolution. For 
the light to be reflected in this way the mirror had to be 
rotated at 530 rev per sec. Thus the time taken for the 
light to travel 44 miles was vx W go sec. The speed 
of light was therefore found to be about 186 000 miles 
per second. 


Between 1924 and 1927 Michelson used this 


Fig. 24-3. The geometry of shadows illustrates the 


straight-line, or rectilinear, travel of light. 


3.00 x 108 m/sec for the speed of light in 
ordinary calculations. 

Is there any reason to suppose that light 
takes the most direct route in travelling out- 
ward from a source? It is simply a matter of 
experience that in ordinary circumstances the 
behaviour of light conforms to the idea that 
light travels in straight lines. Since light can- 
not be seen travelling, how it travels can only 
be inferred from indirect observations. 

To say that light travels in straight lines, 
means only that in representing an optical 
situation the right idea can be maintained by 
using geometric straight lines for the path of 
light. In Fig. 24-3 consider the sun at an 
angle of elevation of 45°. The straight line 
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Fig. 24-4. The first law of reflection states that the 
incident ray, the normal and the reflected ray lie in the 
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from the sun to the top of a 6-ft pole AB 
indicates that the length of the shadow BC is 
also 6 ft, since the triangle ABC is isosceles. 
When the sun is higher in the sky the shadow 
is shorter, and when the sun is closer to the 
horizon the shadow is longer. If a series of 
measurements are made to check the lengths 
of shadows that are predicted from geometry, 
they will confirm that using straight lines to 
represent light rays produces results that cor- 
respond to the way light behaves. 

A light ray is only a fiction. It is an ele- 
ment in the optical diagrams that we draw, an 
ideal straight line, but light rays do not exist 
in nature. Rays simply identify the path that 
light follows in any particular situation. In 
practice we can only produce narrow beams, 
or “pencils” of light. In some experiments a 
narrow object like a pin is used because the 
path of light from it to your eye is a narrow 
beam or pencil. 


LIGHT STRIKES MATTER 


When light strikes a material object there are 
three possible effects that may be observed, 
depending on the nature of the material. If the 
material is opaque, light cannot pass through 
it. The light may be absorbed by the surface 
and transformed into heat. If the surface is 
smooth enough the light will be reflected in- 
stead of being absorbed. If the material is 
transparent light can pass through it, or be 
transmitted by it. 


tbe 


same plane. The second law of reflection states that 
the angle of reflection equals the angle of incidence. 
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(a) 
Fig. 24-5. The reflection of light from a smooth surface 
obeys the laws of reflection (a) whereas it appears that the 


reflection of light from rough surfaces does not (b). How- 


1. REFLECTION 


Light is reflected from a smooth, mirror-like 
surface according to the diagram in Fig. 24-4. 
The ray AB that strikes the surface is the inci- 
dent ray, the ray BC that leaves the surface is 
the reflected ray, and line BD perpendicular to 
the surface at B, the point of contact, is the 
normal. Simple experiments indicate two laws 
representing the way reflection takes place. 


The first law of reflection states that the inci- 
dent ray, the reflected ray, and the normal lie 
in one plane. 


There is a regular relation between the angles 
measured from the direction of the normal to 
the directions of the rays. 


The second law of reflection states that light 
is reflected so that the angle of reflection 
( Z CBD) is equal to the angle of incidence 
(Z ABD). 


All of the things we see (except luminous 
objects) reflect light to our eyes, but not many 
of them have mirror-like surfaces. The light 
by which we see most things is scattered to our 
eyes by diffuse reflection; that is, the surfaces 
are rough enough that a beam of light seems 
not to conform to the second law of reflection, 
as in Fig. 24-5(b). Of course, if you exam- 
ined the surface with a microscope you would 
discover that the reflection of any individual 
ray did follow the law. But in the overall 
pattern the rays are reflected in a great variety 
of directions. On the other hand when a 
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(b) 
ever, close enough examination would reveal that even 
diffuse reflection from a rough surface conforms to the 
laws of reflection at each single point of incidence. 


smooth desk top reflects a large fraction of the 
sunlight falling on it in a regular way into your 
eye, you see the glare of the sun instead of 
the top of the desk. 


2, REFRACTION 

When light strikes a glass surface at a large 
angle of incidence (just grazing the surface), 
most of the light is reflected. As the angle of 
incidence is decreased, a larger proportion of 
the light is transmitted, and indeed at very 
small angles of incidence 96% of the light is 
transmitted. The light that is transmitted is 
bent or refracted as it passes into the glass. The 
refraction of light from air to glass is illus- 
trated in Fig. 24-6. Simple experiments indi- 
cate that with refraction, as in the case of 
reflection, two laws can be enunciated. 


Fig. 24-6. 
incident ray, the normal and the refracted ray lie in the 
same plane, as shown in this diagram. 


The first law of refraction states that the 


The first law of refraction states that the inci- 
dent ray, the normal and the refracted ray lie 
in one plane. 


The amount of the bending of a light ray on 
refraction depends on the angle of incidence 
and the nature of the media through which 
it passes. The second law of refraction, called 
Snel's Law, which governs the amount of re- 
fraction, will be considered in Chapter 26. 
However, in Fig. 24-7 three examples are 
shown of the bending of light between air and 
glass. 


3. DISPERSION 


The refraction of light through rectangular and 
triangular prisms of glass is illustrated in Fig. 
24-8. The direction in which a ray is bent 
at each surface corresponds to the principles 
illustrated in Fig. 24-7. The ray of light 
emerging from the rectangular prism is in the 
same direction as the incident ray; that is to 
say, the emergent ray is parallel to the incident 
ray. It is, however, displaced laterally. The 
triangular prism, on the other hand, changes the 
direction of the light rays. In addition if one 
views an object through a triangular prism the 
image has coloured fringes. If a narrow beam 
of white light strikes a screen after being re- 
fracted through a triangular prism, the image 
has a rainbow appearance. This phenomenon, 
called dispersion, was examined in detail by 
Sir Isaac Newton in 1665 as described in the 
lines from Alfred Noyes in Fig. 24-9. From 
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Fig. 24-7. 


light passing normally from air to glass as 
in (a) is not deviated. A ray of light in air striking a 
glass surface obliquely as in (b) is bent towards the 


normal. On passing from glass to air obliquely as in (c) 
the ray is refracted away from the normal. 


his study Newton concluded that white light 
is composed of the colours of the rainbow (or 
spectrum), and that each was refracted to a 
slightly different extent by the prism. 

In summary, we can say that light has the 
properties of travelling in straight lines at high 
speed, is capable of being reflected, refracted, 
and dispersed, and that white light is the 
impression received by our eyes from a mix- 
ture of the colours of the spectrum. The rays 
that we draw to represent light are only a 
geometric device to show the path that it fol- 
lows. But what sort of thing might light be 
to have the properties we have described? 


A PARTICLE THEORY OF LIGHT 
A. baseball can be thrown to follow a fairly 


Fig. 24-8. Light passing through a rectangular prism 
emerges parallel to the incident ray but is laterally dis- 


placed. 
doubly refracted and deviation occurs. 


Light passing through a triangular prism is 
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He caught 

The tambeam striking through that bullet-hokc 
la hi chow shother—2a round white spot of fight 
Upon à vnall dark screen 

He interpoud 
A prm of glow. He saw the conbeam break 
Aad spread upon the wreen its rainbow band 
Of deentanghed colors, all in wale 
Like motes im moric; fret, the violet ray, 
Then imdugo. trembling softly into bive 
Then green and yellow, quivering side by side; 
Then orange, mellowing richly into red 
Then. in the screen, be made a small round hole 
Like to the frst: and through it paned once more 
Each separate coloured ray. He let it strike 
Another prism of glass, and saw cach huc 
Bent at à different angle from its path, 
The red the least, the violet ray the most; 
Bet all in scale and order, all precise 
As notes in music. Last he took a lens, 
And, paving through it all those coloured rays, 
Drew them together again, remerging all 
On that dark screen, in one white spot of light 


Alfred Noyes, 
The Torch Bearers 
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phan than is the sir (Pig. 24-11). Once the 
light particle was within the glace, the forces 
of all the molecules of glaw would be balanced 
so there would be no ferther acceleration. As 
the particle emerged from the glass its speed 
would be redeced by à reverse process to that 
on entering. As a revolt, the light would bend 
away from the normal as k pawed from glass 
to ait 

A Wiking for atomic theories was prevalent 
among scientists during the seventeenth oen- 
tury and Newton's theory appealed to many 
of them. It was widely accepted for more 
than a century. Neverthelew, a rival theory 
was proposed at about the same time as New- 
tons. 


A WAVE THEORY OF LIGHT 


In Holland, Christian Huygens considered that 
the transmission of light was similar to the 
spreading of ripples on a pond when a stonc 
is dropped into it (Fig. 24-12). It is evident 
that as a wave front expands it becomes less 
curved. At great distances from the source, 
the wave front is almost a straight line. When 
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Fig. 24-12. The wave theory of light suggests that light 
waves spread outwards like ripples in a pond. 


spherical waves spread out into space from a 
source, the wave front at great distances is 
almost a flat surface in a small section, and is 
called a plane wave front. 

The reflection of plane waves from a plane 
mirror is illustrated in Fig. 24-13. It con- 
forms to the laws of reflection. Huygens’ ex- 
planation of refraction is illustrated in Fig. 
24-14. Huygens proposed that the speed of 

- light in glass was less than that in air. Then 
the side,of the wave front that reaches the 
glass first reduces speed earlier than the other 
side. While one side of the front travels from 
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A to B in the air, the other side travels from 
C to D in the glass. As a result the direction 
of travel of the wave changes, being always 
perpendicular to the wave front. 

Here, then, are two theories for light, each 
providing a degree of consistency with the 
observed behaviour of light. There is one 
obvious difference between them, the speed of 
light in glass. For Newton it must be greater 
than in air, and for Huygens, less. It was 
not until 1850 that measurements of the speed 
of light in glass could be made. But before 
that time, there was another experimental way 
of choosing between the two theories. 

Newton had objected to the wave theory of 
light because waves of water or sound can 
bend around obstacles whereas light appears 
to travel in straight lines. However, it was 
this very phenomenon that provided the down- 
fall of his particle theory early in the nineteenth 
century. 


THE INTERFERENCE OF LIGHT 


In 1800 Thomas Young, English scientist, doc- 
tor, and philologist, announced his conviction 
that light was a wave phenomenon. In his 
medical and physical studies Young was struck 
by certain similarities between sound and light. 
He found that there were certain observations 


Fig. 24-13. The reflection of plane 
waves from a plane mirror conforms 
to the laws of reflection for light. 


Fig. 24-14. The change of speed when an oblique wave 
enters a new medium produces refraction. 


that could be accounted for only by supposing 
that light, like sound, has a periodic nature. 
In 1801 he announced that he had used data 
published by Newton to calculate the wave- 
length of various colours of light. Newton's 
own discussion of the data seemed to attribute 
periodic properties to the particles of light, and 
Young proposed that Newton had really taken 
a compromise position between the rival wave 
and particle theories. 

However, many of Young's contemporaries 
were ardent upholders of the particle theory of 
light, and they interpreted any criticism of it 
as a direct criticism of their hero, Newton. 
Young was subjected to scathing denunciations 
and English scientists remained unconvinced. 
It was not until 1820, with new evidence sup- 
plied by Augustin Fresnel in France, that scien- 
tists were forced to take the wave theory seri- 
ously. So when the speed of light in water 
was found to be about two thirds of that in 
air, in 1850, it was almost an anticlimax, for 
the wave theory of light was by that time firmly 
held by the great majority of scientists. 

The conclusive evidence for wave behaviour 


THE NATURE OF LIGHT 


is the phenomenon of interference. In Chapter 
21 the interference of two sets of circular waves 
was described. Where the crests and troughs 
of one set of waves meet in phase with the 
crests and troughs of the other set, the medium 
is more strongly disturbed. Where the crests 
of one meet the troughs of the other the 
medium is only slightly disturbed. Such an 
interference of light can be observed by look- 
ing at a narrow source of light through two 
fine slits, close together. 

Light spreads out from a single fine slit be- 
cause of a wave phenomenon called diffraction. 
From ray geometry we would expect a narrow 


EXPERIMENT III-2 


The Interference of Light 


Obtain samples of single and double fine 
slits. Fine slits are available commercially, 
or they may be scratched with a razor blade 
across a microscope slide that has pre- 
viously been coated with a graphite sus- 
pension. Two razor blades held side by 
side can be used to produce a pair of fine 
slits close together. 


. Hold a single slit close to your eye and look 
through it at a narrow source of light. Make 
a sketch of the appearance of the source 
as seen through the slit. 


Look through a pair of fine slits close to- 
gether at the same light source. Make a 


sketch of the appearance of the light source 
as seen through the slits. 


. If the two slits are each the same width as 
the single slit, what is the difference between 
the two patterns observed? 


Look at a narrow white source and a narrow 
coloured source arranged one above the 
other through both the single and double 
slits. Describe the differences between the 
patterns from the two sources. 


Which of the above observations illustrates 
diffraction, and which interference? What 
sort of property must be attributed to light 
in order to be able to account for these 
observations? 
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EXERCISES and PROBLEMS 


A 

1. Make a table of three columns headed Proper- 
ties of Light, Particle Theory, and Wave Theory. 
In the first column list the various ways in which 
light behaves. In the other two columns state 
whether the theory can account for the property, 
and state what must be assumed about the nature 
of particles and waves in order to have a satis- 
factory explanation. 

2. (a) What property of a wave motion would 
determine the brightness of light (assuming that 
light is a wave phenomenon)? 

(b) What property of a stream of particles 
would determine the brightness of light (as- 
suming that light is a particle phenomenon)? 

3. What is the essential property of a wave phe- 

nomenon that cannot be accounted for by a 

particle description? 


4. When you are driving at night you may notice 
a band of light extending on either side of a street 
lamp or an on-coming headlamp. The band seems 
to extend along a line from the light source to a 
point toward the centre of the bottom of the 
windshield. How can this observation be ac- 
counted for? 

5. In an interference pattern what happens to the 
energy that is "missing" in the black bands? 

6. Should the effect that is observed when a single 
bright source of light is viewed through a handker- 
chief be attributed to reflection, or refraction, or 
diffraction? 


Cc 
7. Establish by geometric deduction that the re- 
flection of waves conforms to the second law of 
reflection for light using the following construction. 
Parallel rays are drawn from points A and B to 
strike a plane mirror at C and D Tespectively with 
an angle of incidence of about 60°. Draw a 
semi-circle on the AB side of the mirror, ter- 
minated at the points C and D. Join C to the 
intersection of BD with the semi-circle, at point 
E. CE represents a wave front approaching the 
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mirror, touching it at C. By the time one side 
of the wave front reaches D from E, the other 
side of the wave front will have progressed an 
equal distance from C. With centre C and radius 
ED draw an arc to cut the semi-circle at F. F is 
the point that the side of the wave front from C 
will reach, since the wave moves so that each 
position is parallel to the preceding position 
(making the rays perpendicular to the wave fronts). 
Then CE is the first incident wave front that 
touches the mirror, and FD is the last reflected 
wave front that does so. Prove that the angle of 
reflection is equal to the angle of incidence. 


8. The idea that light is refracted toward the 
normal if a stream of particles increases speed 
when passing into a second medium can be est- 
ablished by the following construction. Let AB 
be a horizontal line representing the surface 
between two media. Draw CD the right bisector 
of AB at E. Draw an incident ray FE in the 
upper left quadrant, making an angle of incidence 
of 60° with CE. Draw a refracted ray EG making 
an angle of refraction of 35° with ED (in the 
lower right quadrant). From F draw FH perpen- 
dicular to AE. According to Newton's idea, re- 
fraction is the result of a force on the particles of 
light that is exerted perpendicular to the surface. 
The motion of particles along FE can be considered 
to be compounded of a motion along FH and one 
along HE. The motion parallel to the surface is 
unaffected by the force perpendicular to the sur- 
face. Locate a point J along EB so that EJ — HE. 
From J draw a perpendicular to meet EG, or EG 
produced, at K. The motion of particles in the 
Second medium can be considered to be com- 
pounded of a motion along EJ and one along 
JK. Then, in the time it takes a particle to 
travel the path FE in the first medium, it will 
travel the path EK in the second medium. Measure 
the lengths of these two last mentioned lines on 
your diagram and calculate the ratio EK/FE. 
After you have done the work of Chapter 26, 
compare this ratio with the index of refraction 
you would calculate for the same angles of inci- 
dence and refraction. 


S 


MIRRORS AND IMAGES 


We have seen that light has wave properties 
when it travels through space. Much of the 
ordinary behaviour of light can be deduced 
from the behaviour of waves, though it is 
sometimes a complicated operation. In this 
chapter we shall investigate the images that are 
formed in mirrors, and it will be easier for us 
to describe light by rays, rather than by waves. 
However, the wave theory will be used when- 
ever it is helpful. 


LOCATING OBJECTS 


Light is radiated in all directions from the tip 
of a candle flame. The light by which an 
Observer sees it travels in a small cone with 
its apex at the tip of the flame and its base 
at the observer's eye. The limits of this cone, 
in a two-dimensional diagram such as Fig. 


Fig. 25-1. The light radiating from the tip of a candle 
flame to an observer's eye travels in a small cone. 


25-1, are straight lines extending from the 
source, S, to the edges of the eye. We define 
locating rays as the straight lines between 
which the light travels in passing from an ob- 
ject to an observer. Alternatively, it could be 
said that an object is seen at the point from 
which rays of light diverge (or spread apart) 
to one's eyes. 

One of the clues which we get about the 
distance to an object is provided by the locat- 
ing rays. Since the eye E, in Fig. 25-1 is 
farther from the source than the eye E,, the 
angle between the locating rays to E; is smaller 
than the angle between the locating rays to E;. 
The more distant you are from a source, the 
more nearly parallel are the locating rays from 
the source to your eye. 


IMAGES BY REFLECTION IN A 
PLANE MIRROR 


By the first law of reflection, an incident ray, 
the normal to the reflecting surface, and the 
reflected ray lie in the same plane. On the 
plane of this page, then, we can draw an 
accurate figure to show reflection. In Fig. 25-2 
the mirror, MR, is perpendicular to the page. 
An object, O, and an eye, are in the plane of 
the page. Two rays from O, in the same plane, 
strike the mirror at A and B and are reflected 
to the eye. The normals, AN, and BN, are 
perpendicular to the mirror. The rays from A 
and B are locating rays to the eye. The eye 
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Fig. 25-2. If a man sees the reflection of an object, O, 
the rays seem to come from |, behind the mirror. 


EXPERIMENT III-3 


Images In A Plane Mirror 


1. Draw a line across the middle of a page of 
notepaper and then place it on a soft base. 
Rest a mirror along the line in a vertical 
plane. Stick a pin into the paper 3 or 4 
inches from the mirror toward the left edge 
of the mirror. While looking along the 
edge of the paper at the image of the pin in 
the mirror, locate an object (pin or pencil) 
behind the mirror so that it appears to 
project from the top of the image of the 
first pin no matter what the location of 
your eye is. Mark the locations of the 
objects in front of and behind the mirror. 

- With your eye in a single position (as E in 
the illustration) locate two pins along the 
line between your eye and the image of 
the front pin. Mark the locations of the 
pins. 

- Remove the paper from the base, Draw a 
line to join the locations of the front and 
back objects Ó and I, crossing the line MR 
representing the mirror at Q. Measure the 
lengths OQ and QI, and the angle IQR. 
Describe the location of an image in a plane 
mirror. 
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then locates the point from which the rays 
seem to diverge. Since vision does not follow 
the direction change at A and B, the light 
appears to have diverged from I. The point 
I, having the appearance of the object, is called 
the image. An image in a plane mirror is 
virtual because the light does not in fact diverge 
from it, but only seems to. 

The location of an image in a plane mirror 
relative to the object can be deduced from the 
laws of reflection. In Fig. 25-3, the angles 
of reflection equal the angles of incidence: 
Z CAN, = Z OAN,, and Z DBN,- Z OBN,. 
Angles that can be deduced to be equal by ele- 
mentary theorems in geometry are marked in 
the figure. The triangles IAB and OAB can 
then be shown to be congruent (two angles and 
one side). Then, IÀ 2 OA. Join IO. Then 
triangle IAG is congruent to triangle OAG 


4. Draw a line through the locations of pins 
P, and P, to meet MR at K. Join KO and 
KI and erect KL perpendicular to MR. 

5. If OQ = QI and ZIQR = 90°, what is the 
relation between the triangles OQK and 
IQK? Deduce that ZOKL = Z LKE. 

- Measure and compare’ Z OKL and Z LKE. 
+ Does Z IKE = 180°? 
- Within what degree of accuracy do your 


measurements conform to the laws of re- 
flection? 


->= 


(two sides and the included angle), and hence 
IG = OG, and. Z OGA = 90°. 

Since Fig. 25-3 is a general application of 
geometry and the laws of reflection, a general 
rule for locating images in plane mirrors can 
now be stated: draw a perpendicular OG from 
the object to the mirror; on OG produced cut 
off GI = OG; I is then the location of the 
image. 

A complete ray diagram to show an eye 
looking at an extended object would require 
a pair of rays to the eye from each point on the 
object. However, it is convenient to repre- 
sent objects by straight lines, and then it is 
only necessary to draw rays from the ends of 
the object. Fig. 25-4 illustrates the rays by 
which an eye sees the image of an object in a 
plane mirror. In drawing this diagram the 
image is drawn first in the location prescribed 
by the rule stated above; that is AB — BC, 
and FG = GH. Then the locating rays from 
the ends, C and H, of the image are drawn to 
the eye. These rays are dotted behind the 
mirror because light does not actually travel 
along that path. Finally, the rays are drawn 
from the ends of the object, A and F to the 
intersections of the locating rays with the mir- 
ror. 

From the diagram in Fig. 25-4 the image 
can be seen to be (i) erect (the same way up 
as the object), (ii) virtual, (iii) the same 
height as the object, (iv) the same distance 
from the mirror as the object. As we proceed 
to study images in curved mirrors and in lenses, 
we shall want to identify these four character- 
istics of each image: (i) its attitude, (ii) its 
kind, (iii) its height, (iv) its distance from the 
mirror or lens. 


REFLECTION FROM CURVED MIRRORS 

The image-forming property of plane mirrors 
has found a large variety of uses. However, 
reflection is also very useful for concentrating 
light. If a scene is being illuminated from one 


side by a source of light, the light that travels ` 


away from the scene could be reflected back 
onto the scene by a mirror (Fig. 25-5). A 
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Fig. 25-3. The location of an image in a plane mirror 
con be deduced from the laws of reflection. 


Fig. 25-4. |t is convenient to consider only those rays 
coming from the ends of the object when drawing a com- 
plete ray diagram for the purpose of locating an image. 


K 


Fig. 25-5. A plane mirror or reflecting surface can be 
helpful in improving illumination, though the reflected 
rays still continue to spread outwards. 
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Fig. 25-6. A curved reflecting surface can be used to 
concentrate rays into a very small area. This photo- 
graph of an Indian woman cooking by the concentrated 
rays of the sun was kindly supplied by the National 
Physical Laboratory, New Delhi, India. 


Fig. 25-7. A certain amount of focusing of light can be 
obtained by facing the ends of a plane mirror inwards. 


plane mirror reflects parallel rays so that they 
remain parallel, but there are many appli- 
cations in which it is desirable to focus the 
light, to produce intense illumination in a small 
space. The solar cooker illustrated in Fig. 
25-6 is one example of such an application. 

If the ends of a plane mirror are tilted as 
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Fig. 25-8. Light can be converged into a small region by a 


series of plane mirrors. The region of convergence can 
be made smaller by using a larger number of smaller 
mirrors. Notice that the mirrors lie along a smooth curve. 


shown in Fig. 25-7, parallel rays of light can 
be made to cross in a fairly small area. If a 
series of narrow plane mirrors is arranged to 
focus the light into as small a region as pos- 
sible, as shown in Fig. 25-8, the mirrors will 
be lined up along a smooth curve. The shape 
of the curve followed by the plane mirrors is 
called a parabola. It is illustrated in Fig. 25-9 
with a circle for comparison. Notice that the 
two curves coincide in their central portions. 
If the diagrams represent sections of cylin- 
drical mirrors the light will be focused along 
à line perpendicular to the plane of the page. 
To focus the light to a point the mirrors must 
be curved in all planes. The circle would 
then represent a section of a sphere and such 
a mirror is called a spherical mirror. The 


Fig. 25-9. The plane mirrors in Fig. 25-8 are lined up 
along a curve known as a parabola. n its central part 
a parabola is very similar to a circle, but further ovt its 
curvature is less and it diverges from the circle. 


. 25-10. Parallel rays of light striking a parabolic 
mirror will be reflected to a point called the focus. 


other mirror is called a parabolic mirror. lf 
a sufficiently small section of a sphere is used 
it will provide a close approximation to point 
focusing, but for very accurate focusing, a 
parabolic mirror is necessary. 

A. smooth parabolic mirror will cause the 
convergence to a point of parallel rays striking 
its concave surface; this is illustrated. in Fig. 
25-10. The central point, V, on the mirror 
surface is called the vertex; the normal to the 
surface at V, the line QV, is called the princi- 
pal axis. Rays of light parallel to the princi- 
pal axis are reflected through the principal 
focus, the point F on the principal axis. The 
distance FV is the focal length of the mirror. 
The effect of a concave mirror on parallel rays 
of light is conveniently demonstrated with an 
optical disc. It is shown in the photograph of 
Fig. 25-11 where rays parallel to each other, 
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but not to the axis, are reflected to cross at a 
point below the principal focus. (The point 
of intersection of the rays in Fig. 25-11 is 
sometimes called a focus. However, in this 
text we shall only use the term focus as a short 
form of principal focus. Similarly, we shall 
refer to the principal axis as the axis. Thus in 
Fig. 25-10, F is the focus and QV is the axis.) 

If a small source of light is located at the 
focus of a concave parabolic mirror, its rays 
after reflection will travel parallel to the axis, 
as shown in Fig. 25-12. Notice that the ray 
paths in Figs. 25-10 and 25-12 are identical 
in all respects except direction. In all situ- 
ations light can travel in either direction along 
a ray path. The actual direction depends 


solely on the position of the source. The light 


Fig. 25-11. When the axis of a parabolic mirror is at 
an angle to parallel rays of light striking the mirror, the 
rays will converge to a point not on the axis. 


Fig. 25-12. Rays of light from a point source at the 
focus of a parabolic mirror will be reflected parallel to 
the axis. 
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Fig. 25-13. A concave mirror will change the curvature 
of waves from a light source. 


Fig. 25-14. Waves from a poin! source become pro- 
gressively less curved as the distance from the source 
increases, 


rays are reversible, and this behaviour of light 
is often found to be useful in ray diagrams. 

A concave mirror provides one method of 
producing a beam of light that consists of 
parallel rays. As illustrated in Fig. 25-13, the 
mirror changes the curvature of the waves 
from the source at the focus, so that when the 
rays are reflected parallel to the axis, the wave 
fronts are straight lines perpendicular to the 
axis. It should be apparent that when a wave 
front is a straight line (a plane in space) the 
rays are parallel. Waves from a point source 
become progressively more plane at great dis- 
tances from the source. This is illustrated in 
Fig. 25-14, where the change in wave curva- 
ture can be seen by comparison with the 
straight lines AB and CD. 


IMAGES IN A CONCAVE MIRROR 


A parabolic concave mirror is the principal 
focusing device in large astronomical telescopes. 
The largest of these, in the Hale telescope on 
Mount Palomar in California, is more than 
sixteen feet across (Fig. 25-15). There can 
be little doubt that light from a distant star, 


Fig. 25-15. The 200-inch Hale 
reflecting telescope on Mount 
Palomar in California uses a 
parabolic mirror whose focal 
length is 55 feet. The mirror 
is shown being ground. 


—————— — 


EXPERIMENT III-4 
Images In A Concave Mirror 


1. To find the focal length of a concave mirror, 
hold the mirror so that it points almost 
directly at a distant source. Move a screen 
so that the image of the source is sharply 
focused on the screen. You must be care- 
ful that the screen does not block off light 
from the source. With source, Screen and 
mirror almost in a straight line measure the 
distance from the screen to the mirror. 
Arrange the mirror, screen, and a light 
source on your desk top or on a metre 
stick as shown in the illustration. The 
centres of the three devices should be in 
line. With the screen at one end and the 
mirror at the other, locate the source so that 
an area having approximately the same 
diameter as the mirror is illuminated on the 
Screen. Measure the distance from the 
source to the mirror. Compare it with the 


previous measurement. 
In what application is a concave mirror used 


as in Step 1? In what application is a 
concave mirror used as in Step 2? 

To form images of the source on the screen: 
Move the source from its position in Step 
2 toward the screen until a sharp image of 
it is formed on the screen. Measure the 
distance (d,) from the source to the mirror 
and the distance (d;) from the screen to the 
mirror. Record the distances of object and 
image, and measure and record the heights 
of object and image. 

Move the source a few centimetres farther 
from the mirror and adjust the location of 
the screen to form a sharp image again. 
Measure and record the object and image 
distances and heights. Then move the 
source again and repeat. 


after travelling more than a million million 
miles will have a plane wave front. Therefore, 
the image of the star will be located at the 
focus of the mirror if the telescope is pointing 
directly at it. Since light rays actually arrive 
at the focus the image of the star is said to be 
real; a photographic film placed at the focus 
would record the star's image. (By compari- 
son, a photographic film placed at the virtual 
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Find and record the position of the source 
for which the screen is the same distance 
from the mirror. Compare the heights of 
object and image. 

If the source is moved farther from the 
mirror where is the image located? It will 
require a little ingenuity to locate the image 
on the screen. Make several more measure- 
ments of object and image distances and 
heights. 

From your measurements draw a graph of 
d, against dj. Can you deduce a regular 
relation between them? Does the relation 
depend on the focal length of the mirror? 
Can you deduce a regular relation between 
the heights of object and image and their 
distances from the mirror? 

10. Move the mirror towards your nose and 
describe the image that appears. Compare 
its characteristics with those of the images 
you observed earlier on the screen. 


image location in a plane mirror would not 
record the virtual image.) 

If an object is located relatively close to a 
concave mirror, where is its image located? 
The image of any point on the object is located 
where rays from the point converge after being 
reflected. We can use the previous ray dia- 
grams to follow the reflection of certain rays 
in Fig. 25-16: (i) a ray from the top of the 
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Fig. 25-16. Using the laws of reflection, you can draw ray 
diagrams to locate an image in a concave mirror. 


Fig. 25-17. When an object is between the focus and 
the vertex of a concave mirror, a ray diagram will show 
that the image is erect, virtual, magnified, and farther 
away from the mirror than is the object. 


object parallel to the axis is reflected from the 
mirror at A through F to B; (ii) following the 
idea of reversibility, a ray from the top of the 
object through. F is reflected from C parallel 
to the axis to D; (iii) since the axis is normal 
to the mirror at V, a ray from the top of the 
object to V will be reflected to E, making the 
angle of reflection equal the angle of incidence 
(a). The point at which these three rays 
intersect is the image of the top of the object. 
In practice, any two rays are sufficient to 
locate the image of a point. Once the image 
has been located, any other reflection path can 
be drawn, like the one from the top of the 
object, reflected from G to H. 

If an eye was located at EH, the rays TE and 
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TH would be locating rays for it. The light 
seems to diverge from the point of intersection 
of the rays, the top, T, of the image. The 
light actually does diverge from that point, 
even though it did not originate there. For 
that reason this is a real image. The charac- 
teristics of the image are: (i) it is inverted, 
(ii) it is real, (iii) it is smaller than the object, 
(iv) it is closer to the mirror than the object is. 

Men sometimes use concave mirrors when 
shaving so that they can see every whisker. 
When the mirror is used in this way the object 
is located between the focus and the mirror. 
The ray paths to locate the image are shown 
in Fig. 25-17. (i) OAB is a ray parallel to 
the axis reflected through the focus. (ii) OCD 
travelling in the direction from the focus to 
the mirror is reflected parallel to the axis. 
(iii) To make the angle of reflection equal to 
the angle of incidence for ray OVE, make tri- 
angle VOP congruent to triangle VOO as 
shown. The rays AB, CD and VE are seen to 
diverge away from the mirror, seeming to start 
from the point I. The image at I is (i) erect, 
(ii) virtual, (iii) larger than the object, (iv) 
farther from the mirror than the object. It 
is the third factor which gives the concave 
mirror its magnifying properties in these cir- 
cumstances. 


OTHER APPLICATIONS OF 
CURVED MIRRORS 


Parabolic concave mirrors find wide application 
as reflectors for light sources. Searchlights, 
flashlights, and automobile headlights all make 
use of parabolic mirrors to produce parallel 
beams of light. The lamp is located at or near 
the focus. 

Radio waves have a longer wavelength than 
light waves, but otherwise they have much the 
same behaviour. Large radio telescopes have 
recently been built to receive radio waves from 
stars and from the gas of interstellar space. 
One of the largest, located at Jodrell Bank 
in England, is shown in the photograph of 
Fig. 25-18. The receiving antenna for the 
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radio waves is located at the focus of the mir- 
ror. The whole assembly is mounted on rail- 
road wheels so that it can be steered to point 
to any part of the sky. 

images can be formed in convex mirrors, 
though the images of real objects are always 
virtual and smaller than the objects. That 
happens because a convex mirror causes a 
parallel beam of light to diverge. For that 
reason one can get a view of a very wide area 
in a convex mirror. It can be seen in the 
convex surface of polished metal vessels. Auto- 
mobile rear-view mirrors are sometimes made 
convex in order to enlarge the driver's area of 
vision. 


1. The most concise way of describing the location 
of the image I in a plane mirror of a point O is 
to state the relation of the line representing the 
mirror to the line IO. What is the relation? 


2. If a man walks toward a plane mirror at a 
steady speed of 6 feet/sec, at what speed is he 
approaching his image in the mirror? 
3. (a) In what circumstances is an image in a 

plane mirror erect? 

(b) Use a diagram to show how it is possible 

for an image in a plane mirror to be inverted. 
4. Draw a sketch to show how a mirror could be 
used to conduct an eye examination in a room 
twelve feet long, although the person being exam- 
ined must be twenty feet from the chart. 
5. How is it possible for a room with only north 
windows to be fully illuminated at midday in 
winter, even though light travels in straight lines? 
6. For a spherical mirror, radii to the mirror are 
normals. Draw a semi-circle of radius 2.0 inches 
at the right side of your page, opening to the left. 
Draw seven horizontal rays 1⁄4 inch apart to the 
semi-circle representing a spherical mirror. Draw 
normals to the points of incidence of the rays and 
use the law of reflection to draw the reflected rays. 
Do they all cross at a single point? 
NOTE: For the remainder of the exercises con- 
sider that the curved mirrors have a parabolic 
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Fig. 25-18. 


The large radio telescope at Jodrell Bank in 
England has a 700-ton steerable reflector, 250 feet in 


diameter. The antenna is at the focus of the mirror. 


cross-section. For convenience, however, they 
can be represented by arcs of a circle with small 
curvature. For any parabolic mirror draw a flat 
arc of a circle with a radius of 4 or 5 inches. 
There is no necessary connection between the 
location of the centre of the circle and the focus 
of the mirror. Simply mark the focus at a point 
on the axis that provides a satisfactory scale for 
the problem being considered. 
7. Draw a ray diagram to locate the image of an 
object 15 cm from a concave mirror of focal 
length 5.0 cm. Make the object 5.0 cm tall, with 
3.0 cm above the axis and 2.0 cm below the axis. 
Locate the image of each end of the object. 
Complete the image by drawing a line to join the 
two image points. If the object is perpendicular 
to the axis, what angle does the image make with 
the axis? 
8. The reflector of the sealed beam unit of an 
automobile headlamp has a parabolic shape. 
(a) Where should a filament be located to 
produce a horizontal beam of parallel rays 
pointing straight ahead? 
(b) Where should a second filament be located 
to produce a beam of parallel rays that will 
strike a point in the road about one hundred 
feet in front of the auto? 
9. Assuming that the space available on your page 
for a ray diagram is about 15 cm wide, what scale 
should be used for a ray diagram used to locate 
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REFRACTION OF WAVES 


AND LIGHT 


In Chapter 24 it is stated that the speed of 
light in water is about two-thirds of the speed 
of light in air. This experimental fact is con- 
sistent with Huygens' method for describing 
the refraction of light. 

Any kind of wave can change direction (be 
refracted) when its speed changes. In this 
chapter we shall look for regularities in the 
refraction of waves, and relate them to the mea- 
surement of angles of incidence and refraction 
for light. 


REFRACTION OF WAVES 


In the illustration (Fig. 26-1) a series of plane 
wave crests on water are shown as they pass 


Fig. 26-1. Plane woves in a ripple tonk change their 
direction when they poss obliquely into a shallower region 


in which their speed is less. The chonge of speed is 
evidenced by a change in wavelength from A, to Àg (The 
frequency remains unchanged.) 


into a region where their speed is less. The 
speed of waves on the surface of water depends 
on the depth of the water if the wavelength 
is much greater than the depth. The speed is 
decreased by having the waves pass into a 
shallower region. With the frequency un- 
changed, the decrease in speed is made appa- 
rent by the decrease in wavelength when the 
waves pass into the shallower region (remem- 
ber that v = fa). 

In the diagram of Fig. 26-2 the boundary 
between the two regions is located along the 
line CF. For water waves, CF separates two 
regions of different depth. We can speak of 
CF as the boundary between two media: a 
second transmission medium is one in which 
waves travel at a different speed. The particu- 
lar values chosen for the diagram can be 
obtained for water waves in a ripple tank. In 
the first medium the speed is v, — 30 cm/sec, 
and in the second medium the speed is v, — 20 
cm/sec. Since A = v/f, the frequency f = 5.0 
c/sec leads to wavelengths A, = 6.0 cm and 
A, = 4.0 cm. 

While Fig. 26-2 could be considered to be 
a snapshot like Fig. 26-1, it can also illustrate 
the successive positions of a single wave crest 
at AB, CD and EF, each separated by time 
intervals of one period. Recall that the period 
T = 1/f, so in this case T = !4 sec. The crest 
begins at the location AB. One period later it 
is at CD, 6.0 cm distant. The side of the crest 
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at C has reached the boundary and the side at 
D has another 6.0 cm to go. In the next 
period the side at D moves a distance A,, 
6.0 cm to F, but the side at C moves a distance 
A, in the second medium to E, a distance of 
only 4.0 cm. The wave crest is retarded along 
CE, so that the side travelling along DF swings 
around, changing the direction of travel. One 
period later the whole crest has travelled 4.0 
cm to GH. Thus, when the speed is reduced, 
waves are refracted towards the normal. 

A diagram like Fig. 26-2 can be drawn 
by constructing a circle with CF as diameter. 
Since a diameter subtends right angles at the 
circumference, D and E are located on the 
circumference by making FD — 6.0 cm and 
CE = 4.0 cm. You can make this construc- 
tion for other speeds in two media and for 
various angles of incidence. From several 
diagrams it becomes apparent that for equal 
angles of incidence the greater the change in 
speed, the greater the change in direction. If 
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Fig. 26-2. A plane wave 
refracts on passing a plane 
boundary into a region in 
which its speed is reduced. 
AB, CD, EF and GH repre- 
sent successive positions of 
a wave front passing from 
the first to the second 
medium. 


waves pass into a medium where their speed is 
increased they refract away from the normal. 
If waves cross a boundary in the direction of 
the normal they are not refracted because 
the change in speed affects both ends of each 
crest at the same instant. 

It is thus apparent that a change in the speed 
of waves can change their direction. 


INDEX OF REFRACTION 


The change in direction of waves on refraction 
depends on a change in speed. Since the 
amount of refraction depends on the amount of 
the change in speed, the ratio of speeds is used 
as a measure of the degree of refraction. The 
index of refraction (symbol n) of waves pass- 
ing from one medium to another is defined as 
the ratio of the speeds of the waves in the two 
media. In symbols, 


usd, 


Vo 


Since v, = fA, and v, = fàs, and since the fre- 
quency f is unchanged, then 


Therefore, in the example illustrated in Fig. 
26-2, 


30 cm/sec 3 

n = 30cm/sec 2 
ARES 60cm 3 
40cm 2 


The index of refraction, n, is a pure number, 
since the units divide out. 

How to determine the index of refraction of 
substances for light will be described later. 
The value for three substances relative to air 
is given in Table 26-1. A more complete list 
may be found in the Appendix. When the index 
of refraction is known, the speed and wave- 
length of light in one medium may be calcu- 
lated using the preceding relations if the speed 
and wavelength in another medium is known. 


Table 26-1 
INDEX OF REFRACTION 


Index of refraction 


Medium relative to air 


Water 


Glass 
Diamond 


m Example 26-1: The speed of light in air is 
c = 3.00 x 108 m/sec. The wavelength of yel- 
low light in air is à = 5.89 x 10-* m. Calcu- 
late the speed (c,) and wavelength (,,) of 
yellow light in sulfur. (The rhombic form of 
crystalline sulfur has an index of refraction of 
1.96 for yellow light.) 


Solution: 


Use the relations, n = 


REFRACTION OF WAVES AND LIGHT 
For sulfur, n —1.96 
c = 3.00 x 10° m/sec 


c 
m Ne 
n 
_ 3.00 x 108 m/sec 
zm 1.96 


1.53 x 10° m/sec 


ll 


241—25:89 x IO-* m 


23899: xX 10m 
E: 1.96 


= 3.00 x 10-* m. 


.. the speed of yellow light in sulfur is 1.53 
x 108 m/sec, and its wavelength is 3.00 x 
10-7 m. When light travels from air into sul- 
fur its speed is reduced from 300 thousand 
km/sec to 153 thousand km/sec. Since reversi- 
bility applies, when the light passes from sulfur 
back into air its speed is restored to 300 thou- 
sand km/sec. 


REFRACTION OF LIGHT RAYS 


It is not necessary to know the speed of light 
in two media in order to calculate the index 
of refraction of light from one to the other. 
Early in the seventeenth century a regular rela- 
tion was established between the angles of 
light rays refracted from one medium to an- 
other. It will be possible for us to show that 
this relation leads to the same value for any 
particular. index of refraction, as does the 
ratio of the speeds of light. 

With a semi-circular glass block on the 
optical disc, a series of angles of incidence in 
the air (@,) and the corresponding angles of 
incidence in the glass (6,) can be measured. A 
set of corresponding pairs of such angles is 
provided in Exercise 26-5, p. 277. It can be 
seen that regular increases in the angle of inci- 
dence do not produce regular increases in the 
angle of refraction. However, if each pair of 
angles is used to draw a diagram like the one 
in Fig. 26-3 a regular relation can be found. 
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Fig. 26-3. Where LON represents the path of a light ray 
passing from one medium into a denser one, the ratio of 
z| fo 2, is constant for all angles of incidence of LO. 
This ratio is the index of refraction between the two media. 


In the circle, the line X’OX represents the sur- 
face between air above and glass below; and 
the line YOY’ represents the normal. The 
incident ray is LO and the refracted ray is ON. 
Perpendiculars are drawn from L and N to 
meet the normal at K and M respectively. The 
line LK = z, and the line MN = z,; since these 
are half the lengths of chords of the circle they 
may be called semi-chords. 

Tf a diagram like Fig. 26-3 is drawn for 
each pair of angles, it is found that the ratio 
Z,/%, has approximately the same value each 
time. This relation is called Snel’s law (the 
second law of refraction) ; it can be stated that: 


When light is refracted from one medium into 
another, the ratio of the semi-chord in the first 
medium to the semi-chord in the second 
medium is constant. 


That is, the ratio does not change with different 
angles of incidence. 

We can now show that the ratio z,/z, is equal 
to the index of refraction as defined on p. 271. 
The wave diagram of Fig. 26-2 has been re- 
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drawn in Fig. 26-4, with the length of the 
line CF equal to the radius r of the circle in 
Fig. 26-3. The angles 6, and 6, are the same 
in all three diagrams. Then the right angle 
triangles FCD and LOK are congruent, as are 
the right angle triangles CFE and NOM. The 
index of refraction equals \,/A, as previously 
defined. But due to the congruence of the two 
pairs of triangles in Fig. 26-3 and Fig. 26-4, 
Meehan, 2 "Iherefore X,/A, = 2,/Z. 
This means that the ratio of the semi-chords is 
equal to the index of refraction, 
ETEA 

This relation can be established using similar 
triangles instead of congruent triangles, but 
the mathematics is more complicated. 

The diagram of Fig. 26-3 can be used as 
the basis for a method to find an angle in re- 
fraction when the other angle and the index of 
refraction are known. The known angle is 
drawn on the diagram, and its semi-chord con- 
structed and measured. The other semi-chord 
is then calculated from Snel's law, using the 


Fig. 26-4. In this diagram the length of CF has been 
made equal to the radius of the circle in Fig. 26-3. In 
these two diagrams triangles FCD and LOK are congruent, 
as are triangles CFE and NOM. Thus the index of re- 
fraction is given by n= XA = 2/2: 
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Fig. 26-5. When light from an under-water source hits 
the surface of the water at an angle of incidence greater 
than the critical angle it will be totally reflected. 


values of the index of refraction and the mea- 
sured semi-chord. The length of the calculated 
semi-chord is measured along the surface from 
the point of incidence, and a perpendicular is 
constructed from the point so reached to the 
circumference of the circle. The diagram is 
then completed and the required angle is mea- 
sured. 


CRITICAL ANGLE 


If you use the above construction for an angle 
in glass of 50? when the index of refraction 
is 1.60, you will find that the semi-chord in air 
is longer than the radius of the circle. The 
diagram cannot be completed to find the angle 
in the air. From the table of values in Exer- 
cise 26-5, it is evident that no angle in air 
between 0° and 90° is related to an angle of 
50? in the glass. In fact, for the whole range 
of angles in the air, no angle in the glass (for 
an index of refraction of 1.60) exceeds 39°. 
The value of the largest possible angle of 
refraction in the glass can be found by making 
the semi-chord in air equal to the radius of 
the circle in a diagram like Fig. 26-3; that is, 
zı = r. Hence z, = r/n. Following the method 
described above leads to an angle in the glass 
called the critical angle, the maximum angle of 
refraction that is possible in a medium where 
the speed of light is less than it is in the medium 
in which the light is incident. Thus the critical 
angle for glass (with n — 1.60) surrounded by 
air is 39°. 


Fig. 26-6. If the value of the critical angle is c, then 
angle x is less than c, angle y is equal to c, and angle 
z is greater than c. The third ray will experience total 
internal reflection as shown here. 


TOTAL INTERNAL REFLECTION 


The definition of the critical angle can be inter- 
preted to state that when light is incident in a 
medium with a lower speed of light, the criti- 
cal angle in this medium is the angle of inci- 
dence for which the angle of refraction is 90? 
in a second medium. For angles of incidence 
in the first medium that are greater than the 
critical angle, the light cannot penetrate into 
the other medium. What happens to the ener- 
gy if it is not transmitted into the second me- 
dium? Atany angle of incidence there is some 
reflection of energy even when most of it is 
transmitted. When energy is incident at angles 
greater than the critical angle none is trans- 
mitted—all of it is reflected. This complete 
reflection at the boundary is called total inter- 
nal reflection. When light passes from one 
medium into another where its speed is greater, 
total internal reflection occurs if the angle of 
incidence is greater than the critical angle. The 
optical disc can be used to show this by having 
light strike the curved face of the semi-circular 
block. It is illustrated for water in the photo- 
graph in Fig. 26-5, and in the diagram of 
Fig. 26-6. 

The principle of total internal reflection is 
often used in optical instruments to provide 
reflection with a minimum of absorption. Peri- 
Scopes used in submarines and tanks employ 
prisms with a cross-section in the shape of an 
isosceles right angle triangle. This application 
is illustrated in the photograph of Fig. 26-7. 


273 


ENERGY IN WAVES 


Fig. 26-7. 
model periscope which uses right angle prisms, 


Total internal reflection is utilized by this 


A Lig 


c 


Fig. 26-8. In a right angle triangle the ratio of the 
length of the side opposite one angle to the length of the 
hypotenuse is defined as the sine of that angle. Thus, 
in triangle ABC, sin 0 = a/b. 
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Smaller amounts of energy are lost in totally 
reflecting prisms than in metallized mirrors and 
therefore visibility is improved. 


REFRACTION CALCULATIONS 


It is possible to relate the angles of incidence 
and refraction without using a geometric con- 
struction. It can be done by using the sine 
relation defined in trigonometry. In a right 
angle triangle, the ratio of the length of the 
side opposite one angle to the length of the 
hypotenuse is defined as the sine of that angle. 
That is, in triangle ABC (Fig. 26-8), with a 
right angle at B, and 


L BAC = 6, 
r a 
sin à = j^) 


It is evident that the definition of the sine of 
an angle leads to the relation that the length 
of the side opposite an acute angle is equal 


EXPERIMENT III-5 
Measurement of Index of Refraction 


1. Draw a line AB across a page of note- 
paper, with a normal DE perpendicular to 
AB at C. Draw £ DCF — 60°. 


. Place the paper on a soft base. Place a 
long edge of a transparent block accurately 
along AB with about one-third of the block 
on the A side of C. Draw the line GH 
lightly along the opposite edge of the 
block. 

. Stick pins P, and P, into the line FC about 
3 cm apart, with P, several centimetres 
from C. Make sure the pins are vertical. 

. While looking through the block move 
your eye until P, and P, appear directly 
in line. Stick pins P, and P, into the paper 
between your eye and the block so that 
they appear in line with P, and P,. Have 
your partner look from the opposite side 
of the block to see if the pins appear in 
line. Are the pins aligned no matter from 
which side you look? What can you deduce 
about the behaviour of light? 

. Circle and label the holes made by the 

pins P, and P,. 
Remove the pins and the block, and with 
the paper flat on your desk make line GH 
heavier. Draw KJ through the holes left 
by P, and P,. Draw the normal 1M at 
J. Join JC. 

. Measure and record the set of angles FCD, 
ECJ, CJL and MJK. How does the 
direction of the final refracted ray com- 
pare with that of the initial incident ray? 
What effect does refraction through the 
block have on the location and character- 
istics of the image of pin P,? 


to the product of the length of the hypotenuse 
and the sine of the acute angle; 
a — b sin 6. 

This relation can be used to re-state Snel's 
law. In Fig. 26-2, triangles FCD and CFE 
have right angles at D and E respectively. The 
sides opposite the angles of incidence and re- 
fraction are equal (or proportional) to the 
wavelengths in the two media. Then, 
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. Calculate the average value (@,) of the two 


angles in air, and of the two angles in the 
other medium (6,). 


. Using a separate page for each trial, repeat 


the procedure for other angles. 


. Calculate the value of the index of re- 


fraction of the material of the block using 
corresponding values of 0, and 6,. Use 
either a circle diagram and the ratio z,/z, 
as in Fig. 26-3 (p. 272), or use the ratio 
(sin 6,)/(sin 0,). 


. Calculate the average of all values of the 


"Therefore, 


index of refraction obtained for the same 
material. Within what percentage of the 
average do the majority of values lie? 


X, = CF sin 6,; 
A, = CF sin 6,. 


_ CF sin 6, 
CF sin 6, 


_ sin 6, 
~ sin 6, 
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Snel's law was put into this form by Descartes 
in 1637. It can be used to find an angle in 
one medium when the angle in the other 
medium and the index of refraction are known. 
For that purpose the sines of angles from 0? to 
90° are tabulated in the Appendix. 


m Example 26-2: The index of refraction of 
heavy flint glass is 1.67. A ray of light in air 
strikes a flint glass surface at an angle of inci- 
dence of 40°. Calculate the angle of refrac- 
tion in the flint glass. 


Solution: 

The angle of incidence in air, 6, = 40°. 
From the table of sines, sin 40° = 0.643. 
The index of refraction, n — 1.67. 

sin 6, 


From n-— 
sin 6, 


ü ES 
sin 6, = — sin 6, 
n 


1 
-7Tg* 0.643 


= 0.386. 
From the table of sines, 0.386 = sin 23°. 


-. the angle of refraction in the flint glass is 
239: 


m Example 26-3: Calculate the index of re- 
fraction of ethyl alcohol for which the critical 
angle into air is 47°. 


Solution: The angle in the alcohol, 6, = 47°. 
The angle in air, 6, = 90°. 
From the table, sin 47° = 0.731. 
From the table, sin 90° = 1.000, 
The index of refraction of the alcohol, 
e sin 6, 
sin 6, 
_ 1.000 
7:80:73] 
zz 1.37. 
`. alcohol with a critical angle of 47° has an 
index of refraction of 1.37. 
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DISPERSION 


No consideration has so far been given to the 
possibility that the speed of waves in a medium 
depends on their frequency. In fact, it is only 
in a vacuum or in air that all frequencies of 
light travel at the same speed. In other media, 
colours of different frequencies travel at dif- 
ferent speeds. This dependence of the speed 
of light in a medium on the frequency of the 
light waves is called dispersion. Any medium 
in which dispersion occurs is called a dispersive 
medium. The spreading of white light into its 
component colours (or frequencies) after pass- 
ing into a glass prism occurs because glass is a 
dispersive medium. The effect can also be 
accounted for by saying that since the speed 
of light in the glass depends on the frequency, 
the index of refraction of the glass must depend 
on the colour of the light. 


m Example 26-4: A narrow beam of white 
light strikes the plane surface of a block of 
crown glass at an angle of incidence of 82°. 
The index of refraction of crown glass is 1.51 
for red light and 1.53 for violet light. Calcu- 
late (a) the angle of refraction in glass for each 
colour, (b) the speed in glass for each colour. 


Solution: 
(a) Air is the first medium. 
Angle of incidence, 0, = 82° 
sin 0, = sin 82° 


= 0.990. 
Glass is the second medium. 
The index of refraction, n = em 5 
sin 6, 
go 1 
. sin 0, = 7 Sin 6, 
1 
m. 0.990. 
For red light 
n= 151 
does 1 
Oc is; * 0990 
= 0.656 
134855419. 


.. the angle of refraction for the red light is 
41°. 
For violet light 


n= 1.53 
. sin 6 = 15 x 0.990 
= 0.647 
L6, 40°. 


.'. the angle of refraction for the violet light is 
40°. 

Since they are refracted at different angles 
the two colours are dispersed—the light is 
spread out through an angle of about 1°. 


(b) Air is the first medium. 
Speed, c, = 3.00 x 108 m/sec. 
Glass is the second medium. 


Speed, c, — : X Cy. 
For red light 
n= 1551 
_ 3.00 x 10% m/sec 
aa 1.51 


= 1.99 x 10? m/sec. 
'. the speed of red light in crown glass is 
1.99 x 109 m/sec. 
For violet light 


|. EXERCISES and PROBLEMS 


A 
1. A tracked vehicle like a bulldozer or an army 
tank has no steering wheel. The direction of 
travel is controlled by brakes and throttles acting 
on each track individually. If a bulldozer is trav- 
elling at a constant speed of 10 miles per hour 
across a field describe the action necessary to turn 
it to the right. 
2. Calculate the index of refraction of a sound 
wave travelling from water into air, using the 
values for the speed of sound found in Table 22-1 
(p. 228). 
3. The speed of light in air is 3.00 x 105 m/sec 
and in sea water, 2.24 x 108 m/sec. Calculate 
the index of refraction for sea water relative to air. 
4. The index of refraction of ruby is about 1.75. 
Calculate the speed of light in ruby. 
5. The following table gives corresponding values 
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r= 1:53 
Ea 3.00 x 10° m/sec 
En 1.53 
= 1.96 x 105 m/sec. 
.. the speed of violet light in crown glass is 
1.96 x 105 m/sec. 

The spreading of the white light is the result 
of the slowing of the red light to 1.99 x 108 
m/sec, and of the violet light even more, to 
1.96 x 105 m/sec. 


A beam of white light does not spread out 
in a spectrum after passing through a parallel- 
sided glass block. At the first surface each 
component colour is refracted by a slightly 
different amount, but the bending at the second 
surface is in the opposite direction, resulting 
in no net deviation from the original direction 
for any colour. On the other hand, a beam 
of white light does spread out into colours after 
passing through a triangular glass prism. The 
angle of deviation of the violet light in a 60° 
crown glass prism is about 2° more than the 
angle of deviation of the red light. This occurs 
because the spreading of the colours at the 
second refraction is added to the spreading 
produced at the first refraction. 


for the angle of incidence in air (,), and the angle 
of refraction in flint glass (6,), as found on an 
optical disc with a semi-crcular glass block. 
Employ circle diagrams like Fig. 26-3 to deter- 
mine an average value for the index of refrac- 
tion of flint glass. 


6, (Degrees) 0, (Degrees) 


0 0 
10.0 6.2 
20.0 12.4 
30.0 18.2 
40.0 23.7 
50.0 28.6 
60.0 32.8 
70.0 36.0 
80.0 38.0 


Making the circles large permits greater accuracy 
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six feet beneath the surface; one almost at the 
edge of the pond and the other about twenty feet 
from the edge. A fisherman stands on the bank 
directly above the first fish, with his eyes about five 
feet above the surface of the water. Draw a sketch 
to show one ray by which the fisherman sees the 
first fish; another ray to show how the fisherman 
secs the second fish, with the angle of incidence of 
the light in the water at about 45°; and a third ray 
by which the first fish sees the second one if a 
large rock intervenes on the direct line between 
the two fish. Indicate the apparent position of 
the second fish as seen (a) by the fisherman, (b) 
by the first fish. 


7. A diagram to illustrate the refraction of waves 
can be drawn like Fig. 26-2 using the following 
construction. Draw a circle with a radius of 5.0 
cm and a horizontal diameter labelled CF. With 
centre F and radius 8.0 cm draw an arc to cut 
the circle above CF at the point D. With centre 
C and radius 5.0 cm draw an arc to cut the circle 
below CF at E. Join CD to represent the incident 
wave and EF to represent the refracted 
wave DF to represent the wavelength 
medium, and CE, the wavelength in 


(a) What is the index of refraction involved 


(b) Measure the angles of incidence and re- 
fraction and determine if they lead to the same 
value for the index of refraction, 

8. A diagram the i 


9. Use a circle diagram like Fig. 26-3 to deter- 
mine the index of refraction when the angle of 
C mis is 60* and the angle of refraction is 
10. Determine the angle of refraction of light in 
diamond for an angle of incidence in air of 60°. 
11. Determine the angle of refraction in air for 
an angle of incidence in water of 45°. You should 
use the upper left quadrant for air and the lower 
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right quadrant for water to give your diagram 
a recognizable appearance. 
12. Determine the angle of refraction in air for 
an angle of incidence in ordinary crown glass 
of 50°. 
13. Use a circle diagram to determine the critical 
angle for 
(a) diamond, 
(b) water. 
14. Determine the index of refraction of 
(a) chloroform, with a critical angle of 44°, 
(b) zircon, with a critical angle of 31.5*. 


c 


15, Use the table in the Appendix to determine 
the sines of the following angles: 
(a) 7°, (b) 37°, (c) 73°, (d) 90*,(e) 0°, (f) 53.5*, 
(g) 74.6". 
16. Use the table in the Appendix to determine 
the angles which have the following sines: 
(a) 0.342, (b) 0.500, (c) 0.707, (d) 0.99, (e) 
0.877, (f) 0.284, (g) 0.539. 
17. Draw a graph of sin 6 against @ in the range 
from 0° to 90'. Sketch the appearance you 
would expect of the graph 
(a) from 0° to 180°, (b) from 0° to 360 
18. Use the sine form of Snel's law to make the 
following calculations, rounding off answers to 
two digits: 
(a) What is the index of refraction of a ma- 
terial for which the angle of incidence is 64* 
and the angle of refraction is 30°? 
(b) What is the angle of refraction in a medium 
in which the speed of light is less, when the 
angle of incidence is 53° and the index of re- 
fraction is 1.60? 
(c) What is the angle of incidence in a medium 
in which the speed of light is greater, when the 
angle of refraction is 45° and the index of 
refraction is 1.30? 
(d) What is the angle of refraction in a medium, 
in which the speed of light is greater, when the 
angle of incidence is 50* and the index of re- 
fraction is 1.70? 
(e) What is the index of refraction of a ma- 
terial for which the critical angle is 44.57? 
(f) What is the critical angle in a material for 
Which the index of refraction is 1.76? 
19. The index of refraction of carbon bisulfide is 
1.62 for red light and 1.70 for violet light. Deter- 
mine the angle of refraction of each of these 
colours in carbon bisulfide for an angle of inci- 
dence in air of 64°. What is the angle of spread 
between the two refracted rays? 


20. A ray of red light strikes an equiangular, flint- 
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LENSES AND IMAGES 


The formation of real images by the focusing 
of light in a concave mirror was described in 
Chapter 25. When you were locating images 
in a concave mirror you may have found it 
difficult to avoid blocking off the light from 
the object. If light can be focused by refrac- 
tion instead of reflection the difficulty can be 
avoided. Fig. 27-1 shows the action of a flat 
glass block with a curved edge on a train of 
plane waves. The waves strike the flat edge 
normally and are not refracted, but the speed 
of the waves is reduced. At the curved edge 
the ends of the wave-fronts leave the glass 
before the centres do, and travel at an increased 
speed in the air. The refraction has the effect 
of bending the ends inward. Since the edge of 
the glass is curved each wave is bent smoothly, 
so that when the waves leave the glass they 
have the curvature shown. 

Recall that curvature is related to the dis- 
tance from the source, and that a plane wave 
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has zero curvature. As waves leave the right 
side of the block their curvature indicates that 
they were converging to a point 20 cm from the 
block. Convex transparent surfaces have a 
converging or focusing effect on light. This 
can be demonstrated on the optical disc. 

A transparent object with curved surfaces is 
called a lens. A block of glass with flat sides 
and curved edges, as used on the optical disc, 
is a cylindrical lens. It focuses light to a line. 
Since it is often more useful to focus light to 
a point, most lenses are curved in all directions. 
When they have surfaces that are sections of 
spheres, they are called spherical lenses. A 
variety of spherical lenses is represented in Fig. 
27-2. 

Lens diagrams represent cross-sections of 
spherical lenses and show what happens on a 
central plane through the lenses. The line AB 
in Fig. 27-1 which passes through the centre 
of the lens perpendicular to the surfaces is 


Fig. 27-1. A lens can be used to 
focus plane waves. The speed of 
the wave is less within the lens. 
On passing out of the lens the edges 
of the waves leave the lens before 
the centres of the waves do and so 
are speeded up earlier. This pro- 
duces a curvature in the waves and 
so brings them to a focus as shown. 
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Fig. 27-2. Most lenses have surfaces that are sections of 
spheres or of intersecting spheres. The lenses in the upper 
row are convex and those in the lower row are concave. 


called the axis of the lens. The direction of 
wave travel in that diagram is parallel to the 
axis. The waves converge to the point F on 
the axis to the right of the lens. The point to 
which light travelling parallel to the axis is 
converged after refraction is called the focus. 
The distance from the centre of the lens to the 
focus, along the axis, is called the focal length, 
f. Any beam of plane waves will converge to 
a point that lies on the focal plane, which is the 
plane perpendicular to the axis through the 
focus. It is indicated in Fig. 27-5(b). 
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Fig. 27-3. When both surfaces of a lens are curved, the 
curvature of the light waves is changed at each surface. 
As a result, a double convex lens has a shorter focal 
length than a plano-convex lens of the same thickness. 


Fig. 27-4. With a thin lens, in 
which the thickness of the lens is 
less than //10, refraction may be 
imagined to occur only at the mid- 
plane of the lens. 
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Fig. 27-5. Two main rules can be used in drawing ray 
diagrams for light passing through lenses. Parallel rays 
converge on the focal plane of the lens and if they are 


The plane surface of the lens in Fig. 27-1 
did not affect the curvature of the waves. When 
both surfaces are curved there is a double 
effect on the curvature (Fig. 27-3). If a lens 
is thin (when the distance between surfaces 
along the axis is less than f/10), the effect of 
the two surfaces can be considered to be com- 
bined into a single refraction at the middle of 
the lens. This is shown in Fig. 27-4 where 
the source is 3f from the lens. The lens changes 
the curvature of the waves so that they con- 
verge to a point 3f/2 from the lens. 


RAY DIAGRAMS FOR CONVEX LENSES 


The lenses you will use in experiments are 
likely to be thin lenses. The diagrams in Fig. 
27-5 should correspond very closely to the 
results of your experiments. Rays are shown 
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also parallel to the axis of the lens they converge at the 
focus. Rays passing through the centre of the lens are 
not refracted, 


instead of waves to make the drawing simpler. 
A ray indicates the direction in which waves 
are travelling. Each of the diagrams in Fig. 
27-5 illustrates a principle, as follows: 


(a) The rays are refracted at the mid-plane of 
the lens. Incident rays parallel to the 
axis are refracted through the focus. 


(b) Rays parallel to each other but not paral- 
lel to the axis converge to a point on the 
focal plane. The ray passing through the 
centre of the lens is not bent. The sides 
of the lens near the centre are practically 
parallel to each other so the direction of 
the ray is not changed. Since the lens is 
thin the lateral displacement of the ray is 
negligible. 


(c) If rays come from the opposite direction 


Fig. 27-6. A concave lens has a diverging effect on a 


parallel beam of light. This makes the rays of light appear 
to come from a virtual focus, F. 


parallel to the axis they are refracted 
through a point that is still at a distance 
f from the lens. A thin lens has two 
focuses, equidistant from the lens, on 
either side of it. F is the focus for rays 
parallel to the axis approaching the lens 
from the left, and F’ for rays parallel to 
the axis approaching from the right. 


Because of reversibility, incident rays that 
pass through a focus are refracted parallel 
to the axis. 


(d) 


(e) The image of a point that a lens produces 
can be located by tracing rays that refract 
in a known way. The three rays, X, Y, 
and Z are identified in the preceding dia- 
grams. Any two of the three rays are 
sufficient to locate the image. It is usual 
to pick the two that can be drawn most 


easily. 


Fig. 27-7. The fundamental rules for drawing ray dia- 
grams can be used to locate the image in a concave lens. 
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In Fig. 27-5(e) distances from the object 
and image to the focuses are labelled s and to 
the lens, d. The subscripts o and i refer to 
object and image respectively. Heights are 
labelled A. You can pick out the similar tri- 
angles in which 


h 
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The relative heights of image and object can be 
found if the ratio of distances to the lens is 
known. The ratio h,/h, is called the magnifi- 
cation. In Exercise 27-6 relations between dis- 
tances and focal length are developed. 


CONCAVE LENSES 


Because of its effect on a beam of parallel rays 
(plane waves) a convex lens is called a con- 
verging lens. In Fig. 27-6 you can see the 
diverging effect of a concave lens. A concave 
lens changes the curvature of plane waves so 
that they appear to be travelling outward from 
the point F. F is a virtual focus because rays 
do not pass through it, but only appear to have 
passed through it. 

When the differences between convex and 
concave lenses are kept clearly in mind, you can 
deduce the effect that a concave lens has on 
several rays as was done for convex lenses. 
Then rays can be traced to locate an image in 
a concave lens as shown in Fig. 27-7. The 
labelling here should be compared with that in 
Fig. 27-5. When the same distinction between 
F and F' is used, it is apparent that F is on 
the left of a concave lens, although it is on 
the right of a convex lens. For a concave lens 
the s distances are measured to the same focuses 
as for a convex lens. 


RAY DIAGRAMS AND OPTICAL 
INSTRUMENTS 


When you know the focal length of a lens you 
can find the image location for any object by 
drawing a diagram. There are also several 
ways to calculate the position of the image, 
so it should not be necessary to memorize any 
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EXPERIMENT III-6 


Images In A Convex Lens 


1. To find the focal length of a convex lens, 


hold the lens between a distant source and 
a screen so that an image of the source is 
sharply focused on the screen. If you can 
see the sun it is the best source to use. 
Measure the distance from the lens to 
the screen with both the lens and the screen 
perpendicular to the metre stick. 

Turn the lens over and repeat the pro- 
cedure. Does the lens have two focuses? 
Are they equidistant from the lens? 

The arrangement of source, lens, and 
screen so that measurements can readily be 
made is called an optical bench. Make 
sure that the devices have their centres at 
the same distance above the base. Begin 
with the screen and source at opposite ends 
of the bench. Move the lens along the 
bench from the screen until a sharp image 
of the source appears on the screen. Mea- 
sure the distances of object and image from 
the lens, and the heights of object and 
image. 

Without moving screen or source move the 
lens along the bench from the source until 
a sharp image is again obtained. Measure 
the distances of object and image from the 
lens, and the height of the image. 

Steps 3 and 4 define the limits of the bench. 
Make three or four more measurements 
for the object at equally spaced intervals 
between the greatest and least object dis- 
tances. Here, you set the object distance 
and move the screen until a sharp image 
is obtained. Tabulate the height of the 
image and its distance from the lens for 
each object distance. 

To show the relation between image and 
object distances clearly, plot d; against d, 
on a graph. The zero at the bottom left 
corner of the graph is the position of the 
lens. 

The distances of the object and image from 
the focuses, s, and s; can be calculated by 
subtracting the focal length, f, from each 
distance to the lens. Draw vertical and 
horizontal lines at a distance of f from the 
lens. This produces a graph of s, against 
$, without having to make any calculations. 


də (cm) 


8. The graph of s, against s, looks like the 
graph for inverse variation. Calculate the 


average of the products s,s; How close 
is this product to the value of /?? 


9. Magnification is the ratio of the heights of 


image and object (h,/h,). How does 
magnification depend on the distances of 
image and object from the lens? 


10. Describe the characteristics of the image 


you get when you use the lens like a 
magnifying glass. Where must the object 
be located to produce such an image? 


11. What are the characteristics of the images 


that you located using the screen? 


12. Combine your answers to 10 and 11 to 


discover any connection between various 
image characteristics. 


Fig. 27-8. Convex lenses are used in many types of 
optical instruments. While individual instruments vary, 


If the unit of 


special object-image locations. 
length in a ray diagram is the focal length of 
the lens, as in Fig. 27-8, the relation between 
image and object distances is independent of 
the actual value of the focal length. 

Various optical instruments are designed for 
specific locations of the object, to produce a 
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the ray diagrams shown here are typical and underline 
the basic principle of operation of each type of instrument. 


desired magnification. The ray diagrams of 
Fig. 27-8 are typical for the different optical 
instruments indicated. The design and use of 
most of these instruments is described in Chap- 
ter 28. Notice that the images in (a), (b), 
(c), and (d) are real. The image in (f) is 
virtual. 
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EXERCISES and PROBLEMS 


1. The focal length of a certain convex lens is 50 
cm. What set of light rays striking the lens would 
be refracted to pass through its focus? 
2. How could a small-sized source of light be 
used to locate the focus of a convex lens? 
3. What scale should be used so that a distance 
of 75 cm could be represented on a page 20 cm 
wide? 
4. Make a scale diagram to locate the image of a 
book 20 cm tall that is 60 cm from a convex lens 
of focal length 15 cm. Use an upright arrow to 
represent the book resting on the axis of the lens. 
Draw three rays to locate the image. Describe 
the characteristics of the image. 
5. Make a scale diagram to locate the image of a 
pole 150 cm tall that is 225 cm from a convex 
lens of focal length 75 cm. Draw the object with 
two-thirds of its height above the axis. Draw two 
rays each from the top and the bottom of the 
object to locate the image. Complete the image 
by joining the two image points with a straight 
line. If the object is perpendicular to the axis, 
is the image? Describe the image. 

6. (a) Draw full scale ray diagrams to locate 
the images in a convex lens of focal length 3.0 
cm of an object that is successively 12, 9, 6, 
4.5 cm from the lens. Any convenient height 
of object is satisfactory. 

(b) Construct a table with seven columns with 
Space for entries on four lines. The first two 
columns should be headed Distance from ob- 
ject to lens (d,), the first one in units of centi- 
metres, the second in units of the focal length 
(f = 3 cm), e.g. d, = 12 cm = 4 f. The third 
and fourth columns should be headed Distance 
from image to lens (dj), using the same units as 
the first two columns respectively. Fill in the 
first four columns with the object and image 
distances from the diagram of part (a). 
(c) The second and fourth columns in the 
table can be used to find the image distance 
for an object in a lens of any given focal 
length, e.g. when d, = 4 f, dj = 1.33 Mem ii 
f= 10cm, and d, — 40cm, then d; = 13.3 
cm. Find the distance from the image to the 
lens in the following: 

(i) f = 10cm, d, = 30cm. 

Gi) f = 20 em, d, = 60 cm. 

(iii) f = 45 cm, d, = 90 cm. 

(iv) f = 70 cm, d, = 105 cm. 
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(d) Subtract 1f from each item in Columns 2 
and 4 in the table and enter the results in 
Columns 5 and 6 respectively. Head these 
latter columns Distance from object to focus 
F (s) and Distance from image to focus F (s;). 
What operation performed on successive pairs 
of values of s, s; gives the same number in 
each case? Enter that result in Column 7. 
7. Use the result of Question 6 to answer the 
following questions: 
(a) In a movie projector the film is located 2.0 
cm from focus F’ of the convex lens of focal 
length 50 cm. What is the distance from the 
focus F of the lens to the image of the film? 
(b) The convex lens of a camera has a focal 
length of 5.0 cm. The film of the camera must 
be located in the plane where the image is 
sharply focused. Where must the film be 
located to take a picture of a hockey goal- 
keeper located at a distance of 10 metres from 
focus F’ of the lens? How far is the goalkeeper 
from the lens of the camera? 
8. Draw a ray diagram to locate the image of an 
object that is 15 cm from a convex lens of focal 
length 20 cm. 
9. The ratio of the height of an image to the 
height of the object that produced it (h;/h,) is 
called the magnification. Calculate the magnifi- 
cation in each of the diagrams in Fig. 27-8. 
10. Draw a ray diagram to locate the image of an 
object that is 60 cm from a concave lens of focal 
length 15 cm. Repeat for an object of the same 


height located 30 cm and 15 cm from the same 
lens. 


B 
11. Prove that the shaded triangles in the ac- 
companying diagram are geometrically similar. 
Deduce the ratios of the lengths of corresponding 
sides for each pair of triangles. What ratios are 
equal to the ratio h,/h,? What deduction can be 
drawn using the axiom of equality? 


p ^ 


12. A tree 20 metres high is located 40 metres 
from focus F' of a convex lens of focal length 
8.0 cm. Calculate the height of the image of the 
tree. 

13. The image of a newspaper is focused by a 
convex lens of focal length 50 cm onto a film that 
is 1 cm from the focus F of the lens. The dis- 
tance between adjacent grains on the film is about 
10—* cm. What is the distance between two dots 
on the newspaper that are focused onto adjacent 
grains on the film? 

14. A normal human eye has a focal length of 
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about 2.3 cm. If you look at the tip of a pencil 
55.3 cm from your eye, how far is the image from 
the focus F of the eye? 


C 

15. In Fig. 27-5(e) it can be seen that d = s + f 
as long as d and s have the same subscript. Use 
this relation to substitute for s, and s, in the rela- 
tion s,s; = f*. Express the relation between d, 
d, and f in the simplest possible form. 

16. Using the labelling in Fig. 27-7, show that 
SoS; = f? can be applied to concave lenses. 
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fot a specified length of time to admit enough 
light to expose the film. Such accessories as a 
view-finder, a range-finder, and an exposure 
meter may be added to make the operation 
more efficient 

The success of photography depends on ma 
terials that can be changed by exposure to 
light, the changes being permanent and depend- 
ing on the intensity of the light. A photosensi 
tive material such as silver bromide suspended 
in gelatin is called an emulsion. In roll films 
the emulsion is coated on a flexible, transparent 
base of cellulose acetate. The silver bromide 
consists of minute grains spread evenly through- 
out the emulsion as shown in Fig. 28-2(a) 
When a silver bromide grain is exposed to light 
some of the silver ions capture electrons to 
form silver atoms. These form the specks 
illustrated in Fig. 28-3(b). When the film is 
placed in a developer solution, grains that have 
been exposed to enough light are converted 
completely to silver which, in tiny amounts, is 
black, Fig. 28-2(b). Unexposed grains arc 
not affected. As shown in Fig. 28-3(c) re- 
gions where the light was intense become all 
black; lesser amounts of light will not have 
affected all the grains in a given area, and a 
grey tone is produced. The conversion of sil- 
ver bromide to silver is stopped by placing the 
film in a fixing solution, often of sodium hypo- 
sulfite (hypo). The fixer dissolves all uncon- 
verted silver bromide. After being washed and 
dried, the negative is complete—clear where no 
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tones of light and dark are the reverse of what 
they are in the negative 

The optical parts of a camera mait be 
arranged to expone the film correctly. too mach 
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Fig. 28-4. The lenses of a 35-mm camera may be quite 
complex in order to give the sharpest possible images. 


Fig. 28-5. A diaphragm is used in most cameras to control 
the amount of light entering the camera. 


that can enter the camera varies directly as 
the area of the aperture (as the square of 
the radius or diameter). Aperture sizes are 
universally designated by a system known as 
f/ numbers. An aperture of f/4 has a diame- 
ter that is 1⁄4 of the focal length of the lens. 
This system provides a measure of the light- 
gathering power available. When the aperture 
of a typical 35-mm camera lens (whose focal 


length f = 5.2 cm) is f/4, its diameter is 5.2 
cm/4 = 1.3 cm. The largest aperture obtain- 
able depends on the diameter of the lens—but 
larger lenses are more expensive. The range 
of a camera’s aperture is listed in Table 28-1. 
Each aperture admits half as much light as the 
one on its left. The set of shutter speeds below 
the apertures gives examples of the choice avail- 
able to a photographer—each combination ad- 
mits the same amount of light to the film. 

The film itself is a factor in selecting the 
correct exposure for a given illumination. A 
wide range of sensitivities or film speeds is 
available, colour films being, in general, slower 
than black and white films. 

The focus of inexpensive fixed-focus cam- 
eras cannot be adjusted. All objects beyond 
a certain minimum distance from the camera 
are focused clearly on the film. In cameras 
that can be focused, the distance between the 
lens and the film can be changed. A 35-mm 
camera usually has its lens mounted in a tube 
that can be screwed into or out of the body of 
the camera. For distant objects the lens is 
located so that its focus is at the film. Then 
if f = 5.0 cm the lens needs to be moved away 
from the film only an extra distance of 0.50 cm 
to focus clearly on an object that is just 55 cm 
from the lens. 


2. THE EYE 


The eyes of vertebrates have a structure that 
is very similar to that of a camera. The parts 
of a human eye are illustrated in Fig. 28-6 in 
comparison with a camera. The principal parts 
of the cye are the retina, the pupil, the iris, the 
lens and the sclera. These correspond respect- 


Table 28-1 
COMBINATIONS OF APERTURES AND SHUTTER SPEEDS THAT PRODUCE 
THE SAME EXPOSURE OF FILM FOR IDENTICAL ILLUMINATION 


Aperture (f/) 


Shutter 
speed 


(sec) 


Aperture 


Diaphragm 


OPTICAL INSTRUMENTS 
Retina 


In many respects a camera is very similar 1o a 
Both have lenses, areas that are sensitive to 


Fig. 28-6. 
human eye. 


ively to the film, the aperture, the diaphragm, 
the lens and the case of a camera. 

An accurate scale drawing of a section 
through a human eye is shown in Fig. 28-7. 
The transparent cornea is the forward portion 
of the sclera, the outermost layer of the eyeball. 
The next layer, the choroid, becomes the iris 
at the front of the eye. Since the indices of 
refraction of the various sections of the eye 
are between 1.3 and 1.4, the first refraction of 
light, from air into the cornea, is the most 
pronounced and it is here that most focusing 
is done. The major function of the lens is to 
alter the focal length of the system for fine ad- 
justment of the focusing. 

In the retina, which lines the back of the eye, 
are the photosensitive elements that are re- 
sponsible for light perception. The photo- 
sensitive elements in the retina are the rods 
and cones illustrated in Fig. 28-8. Only the 


Light 


Fig. 28-8. The photo-sensitive parts 
of an eye are the rods and the 
cones, located in the retina. 


Nerves to brain ` 


light, and means of controlling the intensity of the light 
reaching the sensitive areas. 
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Fig. 28-7. This horizontal cross-section through a right 


human eye is approximately twice life-size. The numbers 


in brackets are indices of refraction. 
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Fig. 28-9. Which central circle appears to be larger? 
Measure their diameters and find out. 


cones are sensitive to colour, but the rods are 
more sensitive to dimmer illumination than the 
cones. In the central part of the retina there 
are only cones, but towards the edge of the 
retina rods occur in greater number than do 
the cones. From the diagram it is evident that 
light must pass through the network of con- 
necting nerves to reach the rods and cones. 
The nerve fibres are assembled into a bundle 
in the optic nerve so that when light striking 
à rod or cone produces an electrochemical re- 
action, a nerve impulse is transmitted to the 
brain. From all the impulses it receives, the 
brain constructs its visual impression of what 
ls seen. 

Since the eye is more like a television camera 
than a still film camera, it does not employ a 
shutter. The size of the pupil (the opening 
into the eye) is controlled by the iris reflex. 
Under low illumination the iris is drawn back 
from the centre of the eye and the pupil is 
large, about 8 mm in diameter. If the illumi- 
nation is increased, nerve signals from the 
retina are transmitted to the muscles control- 
ling the iris. They move: to reduce the diam- 
eter of the pupil to protect the retina from over- 
exposure. In full daylight the diameter of 
the pupil is about 2 mm. 

The movements of the iris are not conscious- 
ly controlled—the nerve signals that control 
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the iris reflex by-pass the conscious part of the 
brain. Of course, under intense illumination, 
such as sunlit snow, the iris control is not suffi- 
cient, and we squint, often with conscious 
effort. 

The distance from the cornea to the retina 
(on the axis) is about 2.4 cm. By itself the 
cornea has a focal length of about 3.1 cm. The 
additional refraction of the lens brings an image 
forward to be formed sharply on the retina. 
The lens is a compressible ovoid composed of 
a great number of layers, like an onion, en- 
closed in an elastic membrane. It is held in 
position by a number of delicate ligaments 
around its circumference, connecting it to 
muscles on the inner wall of the eyeball. 

For normal distant vision the muscles are 
relaxed, and the ligaments are relatively taut. 
Focusing on a nearby object involves a reflex 
called accommodation. The muscles are con- 
trolled by nerve signals from the retina. For 
a sharp image the lens thickness is changed to 
minimize the region occupied on the retina by 
the image of each point on the object. The 
action of the muscles permits the ligaments 
to slacken. Then the lens sags making its 
front surface more curved and thus reducing 
its focal length. 

The lens of an unaccommodated eye is about 
4 mm thick. In accommodation its thickness 


may be increased to about 5.5 mm. For 
humans in their 'teens the focus of the eye is 
thereby moved about 5 mm forward from the 
retina, permitting the focusing of objects as 
close as 9 cm to the eye. 

We should distinguish between an image 
located by geometry and what is actually seen. 
Geometrical construction describes accurately 
the location from which light diverges (real 
image) or seems to diverge (virtual image). 
But the brain's reconstruction of signals from 
the retina does not always locate what is seen 
at the point determined by geometry. Things 
are located in space by means of a number of 
clues provided by the light that affects the 
retina. We depend, for example, on signals 
from the muscles that move the two eyeballs 
so that they both point towards the object 
being viewed (binocular vision), and on our 
familiarity with the sizes of things. Judgment 
of the size of an object often depends on its sur- 
roundings, but as shown in Fig. 28-9 some- 
times our judgment is not sound. An ade- 
quate understanding of vision, and of how we 
learn to see, involves a complicated mixture 
of physics, physiology, and psychology. 

A normal unaccommodated eye refracts 
plane waves to a point on the retina as shown 
in Fig. 28-10(a). However, some people's 
eyeballs are either longer or shorter than nor- 
mal, so that the same optical arrangements 
cause plane waves to come to a point either in 
front of or behind the retina. We might say 
that the lenses of some people's eyes are too 
strong or too weak. A concave or convex lens 
placed in front of the cornea can be made to 
change the curvature of the waves before they 
reach the eye so that proper focusing can be 
obtained. 

In far-sightedness, hypermetropia, plane 
waves are focused at a point beyond the retina 
—Fig. 28-10(b). Without correcting lenses a 
far-sighted person can accommodate for distant 
vision, but he is unable to view nearby objects 
clearly, and his muscles of accommodation are 
subject to continual strain. Since the eye does 
not provide sufficient curvature of the waves, 


OPTICAL INSTRUMENTS 


Fig. 28-10. A normal unaccommodated eye (a) focuses 
parallel rays of light on the retina. A far-sighted eye (b) 
tends to focus parallel rays beind the retina. A converging 
lens will help a far-sighted eye to focus on the retina (c). 


a convex lens is used to make up the lack as 
shown in Fig. 28-10(c). 

In short-sightedness, myopia, plane waves 
tend to be focused at a point in front of the 
retina as in Fig. 28-11(a). A short-sighted 
person cannot see distant objects clearly. Since 
the eye provides too much curvature of the 
waves, a concave lens is used to offset it, as 
shown in Fig. 28-11(b). 

The elasticity of the lens decreases with age. 
This reduces the amount of accommodation 
that is possible; this defect is known as presby- 
opia. The eyes cannot focus nearby objects 
clearly. A convex lens is used to produce the 
needed curvature of waves that the eye's own 
lens can no longer provide, as in Fig. 28-11(c). 
Because distant vision may not be impaired, 
opticians produce bifocal or trifocal lenses. 
Since most close work is done with the eyes 
lowered, the most strongly convex part of a 
bifocal lens is toward the bottom. 
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Fig. 28-11. A short-sighted eye (a) will tend to focus 
Parallel rays of light in front of the retina. A diverging 
lens (b) will help a far-sighted eye to focus on the retina. 
A converging lens can help an eye that suffers from lack 
of accommodation (c) to focus on very close objects. 


Fig. 28-12. In a projector, the projection lens, P, forms 
a real image, I, of the transparent object, O. Illumination 
of the transparent object is provided by the lamp, L, the 
mirror, M, and the condensing lenses, C. 


MAKING SMALL OBJECTS APPEAR LARGER 


1. THE PROJECTOR 

In a projector for slides or motion pictures, a 
convex projection lens forms an enlarged real 
image on a screen. The film or slide that con- 
tains the semi-transparent object is placed a 
little farther from the lens than the focus. The 
slide is illuminated strongly by a 500-watt elec- 
tric lamp. The function of the condensing lens 
system is to make as much light as possible pass 
through the projection lens after leaving the 
slide. The parts and ray paths of a projector 
are illustrated in Fig. 28-12. 


2. THE MAGNIFIER 

A single convex lens can be used to produce 
an enlarged virtual image of an object located 
at a distance from the lens somewhat less than 
the focal length. When used in this way the 
lens is called a magnifying glass, or reading 
glass, or a simple microscope. As shown in 
Fig. 28-13, the apparent size of an object de- 
pends on the angle q that it subtends at the 
eye. With a magnifier this angle is increased 
resulting in magnification of the image. In 
optical practice it is assumed that the image 
is located 25 cm from the lens for most accu- 
rate vision. The effect of the focal length of 
the lens on magnification is illustrated in Fig. 
28-14 where equal images, each 25 cm from 
the lens are used to locate the object that pro- 
duced them, (a) with a lens of f — 5 cm, and 


A 


Fig. 28-13. The angle (a) that an object subtends at an 
eye depends on the size of the object. The effect of a 
magnifier is to increase the angle (8) that the object 
subtends. This increases the apparent size of the object. 


Fig. 28-14. The magnification of a lens of long focal 
length (a) is less than that of a lens of short focal length 
(b). The magnification, in fact, is inversely proportional 
to the focal length of the lens. 
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Fig. 28-15. One serious defect of single lenses is called 
chromatic aberration. The incident white light is dispersed 
so that the violet and red components are focused at 
different distances from the lens. (The drawing exag- 
gerates this for the sake of clarity.) 


(b) with a lens of f = 2 cm. It is evident that 
the smaller object in (b) indicates greater mag- 
nification. In fact, the magnification varies in- 
versely as the focal length. 

Single lenses of rather short focal length were 
used by van Leeuwenhoek for his microscopic 
discoveries in the seventeenth century. At 
that time attempts were made to increase mag- 
nification by using a second lens, but defects 
in the lenses prevented any significant improve- 
ment. There is no shape for a single lens that 
can eliminate all defects. One serious defect, 
called chromatic aberration, is illustrated in Fig. 
28-15. The dispersive effect of the glass lens 
causes the violet part of the incident white light 
to be focused at a different point than the red 
part. During the eighteenth century methods 
were devised for combining lenses to reduce 
chromatic and other aberrations. It was this 
development that led to the production of com- 
pound microscopes that were used for discov- 
eries in biology during the nineteenth century. 
The multiple lenses shown in photographs in 
this chapter are corrected for many defects. 


3. THE COMPOUND MICROSCOPE 


With achromatic (colour corrected) lenses, 
magnification due to a compound microscope 
can greatly exceed the magnification due to a 
simple microscope. Magnifications up to about 
1000 are quite possible. The basic ray dia- 
gram for a compound microscope is a combina- 
tion of the ray diagrams of the projector and 
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Fig. 28-16. In a compound microscope the objective lens 
L forms a real image of the object, O, at l> Lens L 
acting as a magnifier forms a virtual image l of the 
first image he 


the magnifier. The real image produced by an 
objective lens (used like a projector) is exam- 
ined by the eyepiece lens (used like a magni- 
fier). 

In Fig. 28-16 the object, O, is located just 
outside the focus, F,’, of the objective lens, L,. 
The enlarged real image, I}, serves as the ob- 
ject for the eyepiece lens, L}. The eyepiece is 
placed so that I, is between its focus, F,/, and 
the lens, Lj. The lens L, then forms an en- 
larged virtual image, I,. Ray A from the top 
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of the object through F,’ is refracted by lens 
L, parallel to the axis, and then refracted by 
lens L, to pass through F,. Then ray B from 
the top of the object through the centre of the 
lens L, intersects with ray A at the top of 
image I,. From that point ray C is drawn 
through the centre of lens L,. The virtual 
image I, is located at the point from which 
ray C intersects with ray A. Once the images 
have been located in this way, any other ray 
may be traced through both lenses from the 
top of the object. Ray D, through the upper 
part of lens L, is refracted to pass through the 
top of I, and then refracted by lens L, to 
appear to have come from the top of I,. All 
rays from the top of O will be refracted by L, 
to pass through the top of I,; and all rays from 
the top of I, will be refracted by L, to appear 
to have come from the top of I,. Ray paths 
in a commercial microscope are illustrated in 
the photograph of Fig. 28-17. 


Fig. 28-17. Commercial microscopes sometimes have two 
lens systems in order to give binocular vision. 
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Fig. 28-18. The longer the focal length of a telescope 
objective, the greater will be its magnification: 


MAKING DISTANT OBJECTS APPEAR CLOSER 


A telescope is an optical device by which a 
nearby image is produced of distant objects. 
For this purpose a convex objective lens of 
large focal length is used to form a real image. 
The effect of focal length can be seen from 
Fig. 28-18. A star is so far away that light 
waves from it are plane (the rays are parallel). 
lf a star A is located on the axis of the lens 
its image, A’, is located at the focus of the lens. 
A telescope is effective if it increases the appar- 
ent separation between two stars. Parallel 
rays from star B converge on the focal plane 
of the lens at B’. It is evident that the apparent 
separation d is greater for the lens of greater 
focal length. 

A single convex lens of long focal length f 
could be used as a telescope if you placed your 
eye at a distance a little greater than f from 
the lens. However, it is usual to employ an 
eyepiece lens as a magnifier for examining 
the real image. Since the objective lens inverts 
the image, and a convex magnifier does not, 
the final image is inverted. For astronomical 
purposes this is not a disadvantage. However, 
for sighting ships at sea or for birdwatching, an 
inverted image would be inconvenient. The 
following list includes several methods for pro- 
ducing an erect final image. 


1, OPERA GLASSES 

The telescope that Galileo used when he dis- 
covered the moons of Jupiter had a concave 
eyepiece. In the ray diagram of Fig. 28-19 it 
can be seen that the final image is erect. The 
eyepiece is located so that its right-hand focus 
practically coincides with F,, the right-hand 
focus of the objective. This diagram illustrates 
the basic idea of a telescope: parallel rays from 
a distant object are refracted so that they 
appear to diverge from a nearer point, I,. 
This type of telescope has a limited magnifi- 
cation, usually about 3, and it is used mainly 
for opera glasses. 


2. ASTRONOMICAL REFRACTOR 

The most powerful astronomical telescopes are 
reflectors, mentioned in Chapter 25. How- 
ever, refracting telescopes are useful for solar 
observations and for auxiliary purposes in 
astronomical observatories. As shown in Fig. 
28-20 the convex eyepiece, L,, is located so 
its left-hand focus, F.’, almost coincides with 
the right-hand focus, F;, of the objective lens, 
L,. If the object being observed is a star at 
a great distance the image of the objective is 
located on the focal plane, at I,. This real 
image then becomes the object for the eyepiece 
used as a magnifier. 
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Fig. 28-19. Opera glasses use the 
same lens systems as that used by 
Galileo in his original telescope. 


In Fig. 28-20, the ray A through the focus 
F; of lens L, is refracted parallel to the axis. 
At L, it is refracted through F, the focus of the 
eyepiece. Image I, is located at the intersec- 
tion of ray A with ray B through the centre of 
L,. Image I, is located at the (virtual) inter- 
section of ray C from the image I, through the 
centre of L,. Once the images have been lo- 
cated any other ray may be traced through 
both lenses. Ray D, parallel to rays A and B, 
is refracted by L, to pass through I, and then 
by L, to seem to come from I,. 

One of the largest astronomical refractors is 


located at the Yerkes Observatory of the Uni- 
versity of Chicago. Its objective lens has a 
diameter of about 1 m and a focal length of 
about 20 m. The magnification of a telescope 
with an objective of focal length f,, and an 
eyepiece of focal length f, is f,/f,. With an 
eyepiece of focal length 2 cm, the magnification 
of the Yerkes telescope is about 2000 cm/2 cm 
= 1000. 


3. TERRESTRIAL TELESCOPE 

Spy glasses of the type used by Captain Kidd 
contain a convex erecting lens, located between 
the objective and the eyepiece. Ray diagrams 


Fig. 28-20. Although the most powerful astronomical 
telescopes are reflectors, refracting telescopes are used for 
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many purposes. The fact that the image produced "is 
inverted is not a serious drawback in astronomy. 
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Fig. 28-21. A terrestrial telescope uses a third lens be- 
tween the objective and the eyepiece to give an erect 


for such a terrestrial telescope are shown in 
Fig. 28-21. In (a) locating rays have been 
drawn from the top of the object to locate the 
image in each successive lens. Once the 
images have been located using standard rays 
it is possible to trace any ray through all lenses 
as shown in (b). To produce symmetry the 
object and images in (b) have been shifted so 
that they are bisected by the axis. That changes 
nothing as long as image locations and relative 
Sizes are preserved. Magnification is provided 
by the objective, L,, and eyepiece, L,, as in 
the astronomical refractor. The intermediate 
erecting lens, L,, does not contribute to the 
magnification, but makes the final image erect 
by inverting the image formed by the objective. 


4. BINOCULARS 

The term “binocular” implies having one tele- 
scopic tube for each eye. In that sense opera 
glasses are binoculars. However, the term is 
usually reserved for the instrument using prisms 
that is illustrated in Fig. 28-22. One such 
tube is called a monocular. Total internal re- 


image. The first drawing shows the rays used in locating 
the images; the second shows the actual ray paths. 


flection in the two prisms provides two advan- 
tages: the final image is erect, and the tube 
length is reduced without loss of light. The 
prisms are placed so that the tube of the tele- 
scope is “folded.” In a typical small binocular 
the eyepiece is about 10 cm from the objective; 


Fig. 28-22. In binoculars, prisms are frequently used to 
reduce the tube length. The final image also becomes 
erect. 
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without the prisms the distance would be about 
18 cm. 

The reflecting faces of the prisms in a bin- 
ocular are the arms of the right angle rather 
than the hypotenuse as in the periscope. The 
inversion produced by one prism used this 
way is illustrated in Fig. 28-23(a). The two 
prisms in a binocular are crossed as shown in 
Fig. 28-23(b) to produce a vertical and a 
lateral inversion. In one tube of a binocular 
the objective lens would produce an inverted 
image, but the prism arrangement makes it 
erect. Then the eyepiece produces an erect 
virtual image. Such an arrangement of prisms 
can be used in the eyepiece assembly of tele- 
scopes used for spotting, to produce an erect 
final image. 


Fig. 28-23, One prism can produce a single inversion of 
an image and two can produce both vertical and lateral 
inversion of an image thereby making the image seen 
through binoculars erect and the right way round. 


‘EXERCISES and PROBLEMS 


A 


1. Make a table of three columns to compare the 
parts of a camera and an eye. In one column 
list the various functions to be performed, and in 
the other two columns identify the parts of camera 
and eye that perform each function. 


2. What change occurs in the appearance of an 
image when the aperture of a camera (or the pupil 
of an eye) is made smaller? 


3. Compare the structure and operation of a 
microscope made up of two lenses and a telescope 
made up of two lenses, taking particular notice of 
the nature of the objective lenses, and of the 
images that are formed. 

4. Why are slides inserted upside down into a 
projector? 

5. What is the limitation in the structure of an eye 
that determines the nearest distance for which the 
eye can form a clear image? How does this 
limitation change with age? 

6. A photograph is, taken of a person lying on the 
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ground with his feet toward the camera. Why do 
his feet appear unduly large in the picture? 


7. In a certain astronomical refractor the objective 
lens has a focal length of 1.0 metre. Calculate 
the magnification of the telescope if it has an 
eyepiece lens with a focal length of 5.0 cm. 


8. A certain camera has a lens with a focal length 
of 8.0 cm. It is being used with a film rated at 
a speed of 50. Under a certain illumination the 
camera is set to an aperture of diameter 0.50 cm 
and a shutter speed of 14 sec. 
(a) Calculate the f/ number for that aperture. 
(b) With the same film and illumination, what 
f/ number would be required for an action 
shot that required a shutter speed of 15, sec? 
(c) With a film that is 8 times as fast (rated at 
a speed of 400), what shutter speed should be 
used with the same aperture as in (a) and the 
same illumination? 
(d) What should be done if the fastest shutter 
speed available is 4499 sec? 
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In 1862, James C. Maxwell wrote: 


The velocity of transverse undulations in an 
hypothetical medium, calculated from the 
electromagnetic experiments of MM Kohl- 
rausch and Weber, agrees so exactly with the 
velocity of light calculated from the optical 
experiments of M Fizeau that we can scarcely 
avoid the inference that light consists in the 
transverse undulations of the same medium 
which is the cause of electric and magnetic 
phenomena. 


In this chapter we shall deal with radio waves 
and their relation to light, and with radiation 
in general. 


Induction coil 


(a) 


Fig. 29-1. In 1888, Hertz demonstrated the existence of 
radio waves. When sparks jumped across the spark gap in 


302 


THE DISCOVERY OF RADIO WAVES 


Although Maxwell wrote of electromagnetic 
undulations* or waves, their existence was not 
certified until the researches of Heinrich Hertz 
were published in 1887. During the years 
1886-8, Hertz investigated the properties of 
electric oscillations in a circuit connected to 
an induction coil. With the apparatus illus- 
trated in Fig. 29-1, he reported, “I have suc- 
ceeded in producing distinct rays of electric 
force,* and in carrying out with them the ele- 


* We shall use the term "radio waves" in place of 
and Hertz's 


Maxwell's “electromagnetic undulations” 
“rays of electric force.” 


Reflectors 


Spark gap 


(b) 


the transmitter (a), radio waves caused sparks to jump 
across a spark gap in a detector 20 metres away (b). 


mentary experiments which are commonly 
performed with light and radiant heat" A 
pulsating direct current of 40 kilovolts from 
the secondary of the induction coil produced 
extremely rapid sparking in the gap between 
spheres about 3 mm apart. The radio waves 
were radiated from the two short pieces of 
brass rod located at the focus of the cylindrical 
concave mirror, made of zinc. The radio 
waves were known to be received when sparks 
occurred across the gap in the detector. 

With this apparatus Hertz was able to show 
that radio waves travelled in straight lines to 
distances up to 20 metres. He caused them 
to be reflected by plane metal plates. He 
demonstrated the refraction of radio waves in 
a prism made of about half a ton of asphalt, 
finding that its index of refraction was about 
1.7. With this apparatus Hertz was not able 
to observe diffraction or interference effects in 
the manner described for light in Chapter 24. 
However, he did observe standing waves by 
which he was able to determine that the wave- 
length of the radio waves was about 66 cm. 
Hertz's conclusion to his report published in 
1889 is worth reading: 


We have applied the term rays of electric 
force to the phenomena which we have in- 
vestigated. We may perhaps further desig- 
nate them as rays of light of very great wave- 
length. The experiments described appear 
to me, at any rate, eminently adapted to re- 
move any doubt as to the identity of light, 
radiant heat, and electromagnetic wave mo- 
tion. I believe that from now on we shall 
have greater confidence in making use of the 
advantages which this identity enables us to 
derive both in the study of optics and of 
electricity. 


Thus Hertz was able to confirm Maxwell's 
prediction for electromagnetic waves, and to 
show that they behaved in the same way as 
light waves. Light is produced by actions 
within atoms and molecules, as will be de- 
scribed in Chapter 35. According to our de- 
scription in Chapter 20, Maxwell predicted 
that radio waves would result from the acceler- 
ation of free electrons (that is, changing elec- 
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tric and magnetic fields). Conclusive demon- 
strations can be given that there is no essen- 
tial distinction between these two methods of 
production of radiation: radio receivers have 
been built to receive the radiations from mo- 
lecular activity. 


THE ELECTROMAGNETIC WAVE SPECTRUM 


The work of Maxwell and Hertz has made the 
study of light a department of electromagnet- 
ism, and the familiar spectrum of light from red 
to violet is extended many "octaves" beyond 
the visible range. All electromagnetic waves 
travel through space at a speed of 3.00 x 105 
metres per second. The waves may differ in 
amplitude, and in frequency and, since c — fa, 
in wavelength. The frequency range extends 
from zero to beyond 10” cycles per second. 
Within this range a number of frequency bands 
are identified (Fig. 29-2), according to either 
practical use or scientific significance. The 
bands are distinguished by the way the radi- 
ation is produced, or detected, or used. Divi- 
sions between bands are quite arbitrary, and 
in some cases they are shown as overlapping. 


(a) Power frequencies for large scale ener- 
gy transmission are almost exclusively 60 c/sec 
in North America. Small amounts of 25 c/sec 
AC energy are still being used. On other con- 
tinents, 50 c/sec is common. 

Since electrons in AC transmission lines are 
accelerating back and forth, they fulfil the re- 
quirements for the production of electromag- 
netic waves. But such waves can be radiated 
into space effectively only if the length of the 
line is comparable to the wavelength of the 
radiation. Since the wavelength of 60 c/sec 
radiation is about 3000 miles, transmission 
lines for alternating currents several hundred 
miles long will not lose much energy through 
radiation. 


(b) The radio frequency band is used for a 
variety of communications purposes. The low- 
est frequencies, from about 10 kc/sec to 300 
kc/sec, are used in marine communications 
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Frequency 


10? 


(Cycles/second) 


101^ 10:6 10:8 10% 1072 


Ultraviolet Gamma rays 


Infra red 


106 10? 1 10? 


Wavelength 


Fig. 29-2. The electromagnetic wave spectrum extends 
from zero to beyond gamma rays having a frequency of 
1022 cycles per second. All radiations from outer space 


for maintaining radio contact with ships around 
the world. The standard broadcast band 
extends from 0.55 Mc/sec to 1.6 Mc/sec. 
Beyond that, to about 30 Mc/sec, is the high 
frequency (hf) or short wave band. Television 
channels occupy two very high frequency (vhf) 
bands, between 54 Mc/sec and 216 Mc/sec; 
with Channels 14 to 83 extending from 470 
Mc/sec to 890 Mc/sec in the ultra-high fre- 
quency (uhf) band. 


(c) Microwaves occupy the range from 10? 
c/secto 101? c/sec. In this range and beyond, 
it is common to describe the radiation by its 
wavelength: microwave wavelengths range from 
30 cm to 0.3 mm. Techniques for using 
the microwave band were developed during 
World War II, for use in the radio detection 
and ranging of ships and aircraft. In radar, 
short microwave pulses are transmitted and 
reflected back from a target to be received and 
recorded. Wavelengths of 10 cm and 3 cm are 
commonly used in military radars and in wea- 
ther radars that are used to locate rainstorms. 

Microwave relay networks across Canada 
and the United States are used for telephonic 
communication and to link television stations. 
The relay stations, spaced about 30 miles apart, 
operate on a wavelength of about 8 cm. 

Another application of microwaves is in radio 
astronomy. As shown in Fig. 29-2, the earth's 
atmosphere is transparent to electromagnetic 
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are absorbed by the earth's atmosphere except for those 
in two narrow ranges, or "windows," through which can 
pass microwaves and visible radiations. 


waves in only two regions of the spectrum. 
Astronomers can look through the optical win- 
dow with 200-inch optical telescopes, and 
through the radio window with 200-foot radio 
telescopes. Radiations from stars can be ob- 
served throughout both ranges. Some radio 
stars have been discovered that are not visible 
with optical telescopes. 


(d) Infrared, visible, and ultraviolet radi- 
ations, with wavelengths from about 10-5 m 
to 10-5 m, comprise what might be called the 
optical range of the electromagnetic spectrum. 
These radiations are studied with spectro- 
Scopes, devices that use an equilateral prism to 
disperse light into a spectrum. Looking through 
a spectroscope at an electric lamp, one can 
see a continuous band of light extending from 
red to violet. Replacing the eye with a photo- 
graphic film (making a spectrograph) leads to 
the detection of invisible radiations below the 
red (infrared) and above the violet (ultra- 
violet). Infrared radiation from the sun can 
make your skin feel warm; while solar ultra- 
violet radiation can produce a chemical change 
in skin pigments that results in tan or sunburn. 

Light from a neon sign viewed through a 
spectroscope is seen to consist of a series of 
bright lines, with black spaces between them. 
Many of the lines are in the red part of the 
spectrum, but not all of them. Other gases 
also display a bright line spectrum, but each 
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Fig. 29-3. When seen !hrough a spectroscope, hydrogen 
(H) ond helium (He) show bright-line spectra. It is 
interesting to compare the separation of the lines of the 
hydrogen spectra with the spacing of the energy levels 
in Fig. 34-7. 


one is different (Fig. 29-3). When the charac- 
teristic spectra of many elements are known, 
they can be used to analyze a material by the 
identification of the lines in its spectrum. One 
of the great advantages of this technique is 
that there is no need for the material being 
analyzed to be in the laboratory. The compo- 
sition of at least the outer layers of stars can 
be determined from the light that may have 
spent hundreds of years in its journey to earth. 
The element helium was first discovered by 
spectrum analysis—on the sun! 

Energy relations within atoms and molecules 
can be determined from an accurate knowl- 
edge of the wavelengths of the bright lines in 
their spectra. They can be calculated directly 
from measurements made with a spectrometer. 
This instrument uses as its dispersing element 
a diffraction grating, which is a transparent 
plate ruled with many fine, parallel lines, very 
close together. The grating’s action is based 
on the principle of interference that was de- 
scribed in Chapter 24 for Young’s experiment. 

The continuous spectrum from an electric 
lamp is called thermal radiation. It results 
from the vibration of atoms or molecules, 
which increases with temperature. The distri- 
bution of energy in thermal radiation is shown 
in Fig. 29-4. At 1500°C the filament of an 
electric lamp is red and at 3000°C it is quite 
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Fig. 29-4. This graph shows the energy distribution in 
thermal radiation for two temperatures. Thus at a temp- 
eroture of 3000°C a filament will radicte energy with a 
predominant wavelength of 8 X 10—7 metres. 


white. As the temperature increases, more 
energy is radiated, and the radiation has a 
shorter wavelength. The dotted line shows 
the decrease in wavelength of the predominant 
radiation as the temperature increases. 


(e) X-rays, with wavelengths from 10-5 to 
10—? m, are described in Chapters 30 and 35. 
They are produced by the rapid deceleration 
of electrons, and in the interior of atoms. 


(f) Gamma rays, with wavelengths shorter 
than 10—° m, are discussed in Chapters 33 and 
38. They are produced from transformations 
in the nuclei of atoms, and in the conversion 
of matter into radiation. 

* * * 

In the quotation at the beginning of this 
chapter Maxwell wrote of "transverse undu- 
lations in an hypothetical medium." The 
medium to which he referred is the ether, whose 
properties, mentioned at the end of Chapter 24, 
were calculated by Maxwell to account for the 
transmission of light through space. All at- 
tempts to measure the properties of the ether 
during the last half of the nineteenth century 
failed, leading to the gradual disappearance of 
the ether from physical theory. It was sug- 
gested, in fact, that the only purpose the ether 
ever filled was a grammatical one, to provide 
a subject for the verb to undulate. 
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ENERGY IN WAVES 


Electromagnetic radiations are conceived as 
waves because they exhibit the wave-like be- 
haviour, interference. No other conception 
seems capable of accounting for interference. 
If we cannot speak of the ether, we must visu- 
alize the waves as alternating electric and mag- 
netic fields in space, as illustrated in Fig. 20-2. 


EXPERIMENT III-7 


The Spectra of Luminous Gases 


1, Look at a narrow incandescent filament 
and narrow gaseous discharge tubes through 
a diffraction grating. Describe the appear- 
ance of the images that you see. 


. With the filament lamp and one of the 
glowing gas tubes arranged one above the 
other, compare the location of the bright 
line colours in the gaseous spectrum with 
the location of the same colours in the 
continuous spectrum. 


3. If you can estimate the angle between the 


EXERCISES and PROBLEMS 


1. A metal such as aluminum is opaque to radio 
waves. If you have a transmitter of radio waves 
of 10-cm wavelength and a sensitive detector, how 
could you arrange to show the wave nature of 
the electromagnetic radiation? 
2. The electromagnetic wave Spectrum is some- 
times described in terms of octaves (see p. 303). 
(a) How many octaves are there in the fre- 
quency range from 10? c/sec to 105 c/sec? 
(b) How many octaves are there in the electro- 
magnetic wave spectrum from 10 c/sec to 1022 
c/sec? 
(c) How many octaves are there in that portion 
of the electromagnetic wave spectrum to which 
human eyes are sensitive? 
3. List the essential differences between sound 
waves in air and electromagnetic waves in Space. 
4. The warming of a greenhouse can be accounted 
for using the following ideas: (i) A volume of 
Space containing soil and plants is completely 
enclosed in glass. (ii) The glass is transparent to 
visible radiations, and relatively opaque to infra- 
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The properties of a point in space are different 
when radiation is travelling there. Sensitive 
detectors of electricity and magnetism at the 
point can respond to the radiation; but there 
seems to be no need to have matter there to 
account for the electric and magnetic proper- 
ties. 


line from your eye to the bright central 
image and the line from your eye to any 
colour in a spectrum, you can calculate the 
wavelength of that colour by the method 
described in Exercise 29-6. 


State any differences you can detect between 
the spectrum of an incandescent source as 
produced by a diffraction grating and as 
produced by a prism. 


State briefly the reasons for the formation 
of a spectrum of white light by a prism and 
by a diffraction grating. 


red and ultraviolet radiations. (iii) The curves of 
Fig. 29-4 show the energy content of radiation 
for two temperatures. These two curves are 
representative of a whole family of curves that 
could be drawn for various temperatures. Answer 
the following questions: 

(a) Where does the radiation come from that 

enters the greenhouse? 

(b) What happens to this radiation when it 

strikes the soil in the greenhouse? 

(c) Is the temperature of the soil greater or 

less than the temperature of the source of the 

radiation? 

(d) Does the radiation given off by the soil have 

a larger or smaller wavelength than the in- 

coming radiation? 

(e) Can this radiation from the soil get through 

the panes of glass to the outside? 

(f) Is there any other route by which the 

energy in the greenhouse could get outside? 
5. What difference in colour would you expect 
between a carbon filament lamp at a temperature 
of 2000°C and a tungsten filament lamp at a 
temperature of 3000°C? 


Cc 


6. The spreading of white light into a spectrum 
by a diffraction grating is the result of each wave- 
length of the white light being reinforced at a 
slightly different angle. When you look through 
a diffraction grating at a narrow source of white 
light, a normal image of the source can be seen 
straight ahead. The white light is spread into a 
spectrum on either side of that image with the red 
farther from the central image than the violet. 
The spectrum may be repeated several times on 
either side, each one being called an order, with 
the nearest one being the first order spectrum. If 
the angular separation, 0, between the line from 
your eye to the central image and the line to a 
particular colour in the first order spectrum is 


WAVES IN SPACE 


measured, the wavelength of the colour can be 
calculated. If d is the distance between the centres 
of adjacent lines in the grating, the wavelength 
of a colour is given in terms of its angle of rein- 
forcement (6) by the formula, 
A=dsin 6. 
In a certain diffraction grating there are 5300 
lines per centimetre. 
(a) Calculate the distance d between lines in 
the grating. 
(b) Calculate the wavelength of the yellow 
light from a sodium lamp if its angle of rein- 
forcement in the first order spectrum is 18°. 
(c) Use the above formula to show that violet 
light should be expected to have a smaller 
angle of reinforcement than has red light. 
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The shape of prominences, like this one, at the 
surface of the sun provides evidence for the existence 
of magnetic fields on the sun. The tremendous 
release of energy in the sun comes from the 
transformation of matter as described in Chapter 37. 


INTRODUCTION: 
PARTICLES 
OF RADIATION 
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ELECTRONS AND ATOMS 


“The more important fundamental laws and facts of 
physical science have all been discovered, and these 
are now so firmly established that the possibility of 
their ever being supplanted in consequence of new 
discoveries is exceedingly remote." 

—A. A. Michelson, 1902. 


The basic theories of physics that were developed by the end 
of the nineteenth century are often called classical physics. 
Michelson was referring to this classical description of the physi- 
cal world: matter is particles, and radiation is waves. The 
motions of particles according to the mechanics of Newton 
seemed able to describe the properties of sound, heat, and parts 
of electricity. The fields of electricity and magnetism were de- 
scribed in Maxwell's electromagnetic theory, which included the 
properties of light. Physics seemed to have a simple and 
coherent structure. 

Between 1895 and 1915 experimental discoveries were 
made that were difficult to fit into the structure of classical 
physics. Many of them will be described in this unit. How- 
ever, it was the theoretical work of Planck and Einstein that 
rocked classical physics to its foundations, and gave rise to the 
era of modern physics. The work of Newton and Maxwell has 
not been discarded, but the conclusions from their work have 
been modified in the light of modern developments. 

In 1905 Albert Einstein published his special theory of rela- 
tivity. He proposed that no object or signal could travel faster 
than the speed of light, c. One deduction from Einstein's theory 
was that if an object's speed approached the speed of light, its 
mass would increase. This modification of Newton's laws of 
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motion was amply confirmed by measurements 
using high speed particles. The energy equiva- 
lence of mass, E — mc?, was another deduction 
from Einstein's theory. 

In 1900 Max Planck developed the quantum 
theory to solve a nagging problem in thermal 
radiation. It had required two distinct laws 
based on Maxwell's theory to fit both the short 
and long wavelength portions of the energy- 
wavelength relation. Planck broke with the 
classical tradition to produce a law that fitted 
the observed relation over the whole wave- 
length range. Instead of presuming that all 
wavelengths were produced in a continuous 
stream of energy, Planck proposed that energy 
was emitted in squirts. He determined that 
the energy of each squirt or quantum emitted 
Should vary directly as the frequency, f, of 
the radiation. Radiation is visualized as being 
emitted and absorbed in quanta, or packages 
of a definite energy E, given by the relation 


E = hf, 
where h, a universal constant now called 
Planck's constant, has the value 
h= 6.6 x 10-34 joule.sec. 


Since frequency, f, and wavelength, A (the 
Greek letter lambda), are related to the speed 
of light, c, by 


e 

then 
c 
ud 

and 
E - he, 
A 


Light is not emitted continuously from a 
lamp, but in packages (the quanta of light are 
often called photons) of a definite value. The 
constant Ac has the value 
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hc = (6.6 x 10-34 joule.sec) x 
(3.0 x 105 m/sec) 
= 2.0 x 10-5 joule.m. 
Thus, yellow light, of wavelength 
N= 9 3610-7 m, 
consists of photons, each of energy 


he 
dme 
_ 20 x 10-5 joule.m 
S:9 TOS Tm 


= 3.4 x 10-?? joules. 

How much light energy an eye receives de- 
pends on the wavelength of the photons (those 
of shorter wavelengths have greater energy), 
and on the number of photons (more photons 
mean more energy). The intensity or bright- 
ness of a light source is proportional to the 
number of the photons it emits each second. 

Within fifteen years, Planck’s quantum the- 
ory was fully confirmed by the work of Ein- 
stein and Bohr, which will be described in 
this unit. Thus the electromagnetic theory had 
to be modified: while radiation has wave prop- 
erties when travelling, it is emitted and ab- 
sorbed in packages (photons) having a definite 
energy. Modern physics has modified classi- 
cal physics to enlarge and enrich the physical 
description of the universe. 
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THE DISCOVERY OF NEW RAYS 


For physics, the twentieth century began in 
1896. In that year Roentgen observed x-rays 
and Becquerel discovered radioactivity, and in 
1897 J. J. Thomson's experiments established 
electrons as constituents of all matter. Radio- 
activity will be discussed in Chapter 33. In 
this chapter, x-rays and electrons will be dis- 
cussed. Both are closely connected with the 
conduction of electricity in gases, and therefore 
this phenomenon will be dealt with first. The 
important technological uses of electrons will 
be considered in the two chapters after this. 


THE CONDUCTION OF ELECTRICITY 
THROUGH GASES 

The most familiar example of electrical con- 
duction in a gas is the neon lamp, and the most 
awe-inspiring, the lightning flash. In the latter, 
about 20 coulombs of negative charge may 
pass in 10—-? seconds from a cloud to the 
earth, perhaps 3 kilometres below. 

In the laboratory the extent to which a spark 
can jump between two surfaces can be used as 
a measure of the potential difference between 
the surfaces. For instance, a spark four centi- 
metres in length will occur between 2.5-cm 
diameter spheres if the potential difference 
between them is 7 x 104 volts. With flat sur- 
faces a potential difference of about 3 x 10* 
volts is required for each centimetre that the 
surfaces are apart. A typical thunder cloud 
may have a potential of 10* volts with respect 
to the earth. 


In the apparatus shown in Fig. 30-1 a high- 
voltage source is connected to a pair of spheres 
in parallel with two metal electrodes. These 
electrodes are sealed into the ends of a glass 
tube about 40 cm long which may be evacu- 
ated by a pump. The gap between the spheres 
is adjusted so that at atmospheric pressure 
sparks pass between them. The pressure is 
then reduced in the tube. Interesting effects 
are quickly seen. When the pressure in the 
discharge tube is down to one-tenth of atmos- 
pheric pressure (0.1 atmosphere) thin violet 
strands join the electrodes, and sparks no 
longer pass between the spheres because the 
gas in the tube is now a better conductor than 
the outside air. At 0.01 atmosphere a glow 
almost fills the tube and at 0.001 atmosphere 
one or more dark spaces appear within the 
tube; these expand as the pressure decreases. 
At 0.000 001 atmosphere (or 10-5 atmos- 
phere) the glow disappears completely, but a 
strong green light emanates from the glass at 
one end of the tube. 

This kind of observation of the effects that 
occur when an electric current passes through 
a discharge tube was first made about the 
middle of the nineteenth century, when sources 
of high voltage (induction coils based on the 
principle of the transformer) and efficient 
vacuum pumps became available. For the re- 
mainder of the century a number of workers 
studied gaseous conduction, although many 
people thought that while the effects were very 
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pretty, they were pretty useless. Nevertheless, 
persistence was rewarded, and, as so often hap- 
pens, these investigations led to fundamental 
discoveries about the nature of matter and 
electricity. 


Fig. 30-2. The fact that cathode rays travel in straight 
lines is shown by the shadows they cast. 
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107? atmos 30 km 


107? atmos 


10% atmos 


Pressure Altitude at which 


intube atmosphere has 


same pressure 


10^ atmos 15 km 


Fig. 30-1. When a high 
voltage is applied across a 
gas at low pressure, a dis- 
charge can take place. The 
form of the discharge de- 
pends upon the pressure 
50 km of the gas. At the lowest 
pressures, there is simply 
a glow around the end of 
the tube near the positive 
electrode. 


107^ atmos 70 km 


100 km 


CATHODE RAYS 


In 1859, Geissler and Pluecker in Germany 
àttributed the glow or fluorescence at the end 
of a highly evacuated conducting tube to rays 
from the negative electrode or cathode. Con- 
firmation of this came from later work, and 
by 1880 Sir William Crookes in England sum- 
marized the properties of these rays (which are 
called cathode rays) as follows: 

1. Cathode rays are emitted from the negative 
electrode of a highly evacuated tube. 

2. They travel in straight lines past solid ob- 
stacles (Fig. 30-2). 

3. On striking a solid, the cathode rays trans- 
fer energy to it. This is shown by a rise in 
temperature, and by the fluorescence of 
some materials. 

4. The deflection of the rays in a magnetic field 
shows that they are negatively charged (Fig. 
30-3). 

By this time it was abundantly clear to scien- 
tists that negatively charged particles were 
emitted from the cathode of a highly evacuated 


tube. However, there were some who thought 
that there were two distinct effects, and that 
the cathode rays were different from the 
charged particles. These scientists considered 
that the cathode rays were, in fact, a form of 
electromagnetic radiation. This point of view 
was shown to be incorrect by the researches of 
J. J. Thomson during the last five years of the 
nineteenth century. By observing carefully 
what happened when electric and magnetic 
fields were applied to the tube, he showed that 
the effects due to the cathode rays were influ- 
enced by exactly the same extent as those 
attributed to the negative charged particles. 
There was thus no reason left to distinguish 
between them. 


DISCOVERY OF ELECTRONS 


In 1897, Thomson applied electric and mag- 
netic fields of measurable size to a beam of 
cathode rays as shown in Fig. 30-4. The speed 
of the charged particles, their mass, and the 
charge on them would all affect the degree to 
which they were deflected by (a) the electric 
field and (b) the magnetic field. Thus by 
measuring the deflection of the beam of par- 
ticles, Thomson was able to establish two equa- 
tions containing three unknown quantities: the 
velocity v, the charge e, and the mass m. From 
his calculations he found that v was about one 
tenth of the speed of light, but he could not 
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Fig. 30-3. Cathode rays are bent by a magnetic field; 
this shows that they are electrically charged. The direction 
of bending shows they have negative charge. 


get values for m and e,...He.could only get 
values for m/e. .This- quotien Wa 

6 x 10-? g/coulofnb: ` Whatever thie ha 
of the cathode, and:whátever the natüré, oi 
residual, unevacuated gas in the tube,\Thom 
found approximately. the same value fog. m/e. 


Although he was not able to calculate m pr e 
separately, Thomson-had shown Clearl that the 


cathode rays PN of-materiat particles 
with mass and negative clíatgé: ePhese* 

were labelled electrons. -Thomson was con- 
vinced that these electrons must be part of all 


atoms of matter, and devised a model of the 


Fig. 30-4. Both electric and magnetic fields can bend a 
beam of electrons. J. J. Thomson used this fact to measure 
the ratio of the mass of the electron to its charge. He 


showed that all electrons, of whatever origin, had the 


same ratio of mass to charge, m/e. 
dence that all electrons are identical. 


This is strong evi- 
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Anode 


Cathode 


Fig. 30-5. In a discharge tube electrons and negative ions 
travel towards the positive electrode, while positive ions 
are accelerated towards the negative electrode. lons are 
created by the impact of electrons on neutral atoms. 


atom based on his ideas (see Chapter 34). 

The magnitude of m/e was much smaller 
than had ever been measured for any particle. 
The smallest value of a particle's mass per unit 
charge previously measured was that for the 
hydrogen ion, about 10-5 g/coulomb. If elec- 
trons and hydrogen ions have charges of the 
same magnitude (though the electron charge 
is negative and the charge of the hydrogen ion 
is positive) then electrons must have about 
1/2000 of the mass of hydrogen ions. 

It can thus be concluded that cathode rays 
consist of material particles carrying a negative 
charge. These particles, electrons, have less 
than a thousandth of the mass of the lightest 
atoms. In a cathode ray beam they travel at 
speeds greater than 107 metres/sec, though the 
value depends on the voltage producing the 
rays. 


EXPLANATION OF GASEOUS CONDUCTION 


An electric current is a movement of charge. 
A gas consists of moving particles, but for 
there to be a current these particles must be 
charged. In a discharge tube such as the one 
described at the beginning of this chapter, a 
free electron is accelerated by the electric field 
across the tube, thus gaining energy. When 
it collides with a gas atom it may be able to 
knock an electron out of the atom. This means 
that there are now three charged particles, the 
original electron, the new electron which has 
been knocked out of the atom and the posi- 
tively charged ion which is an atom with an 
electron missing. All of these particles tend 
to move in the electric field and thus contribute 
to the current as shown in Fig. 30-5. The fre- 
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quent repetition of this process results in a 
plentiful supply of moving charged particles. 

Consider what may happen to one electron 
starting off near the negative electrode. The 
electron is accelerated away from the elec- 
trode, picking up energy, and after it has trav- 
elled a certain distance the electron will have 
so much energy that if it collides with a gas 
molecule it will be able to transfer all this 
energy to the molecule. The molecule may sub- 
sequently emit this energy in the form of light, 
giving rise to a glow. Because the electron has 
lost its energy, it will not be able to excite 
another molecule until it has gone a sufficient 
distance down the tube again, once more pick- 
ing up energy from the electric field. Thus, 
the electron will excite molecules (causing 
them to glow) at intervals down the tube. 
These striations, or alternating bright and dark 
patches, are actually found in the tube, just as 
we have surmised. 

This explains what is seen at a thousandth of 
an atmosphere (10-? atmosphere). Similar 
explanations can be given for the effects seen 
at other pressures. 


THE ELECTRONIC CHARGE 

In 1897, reporting his investigations of cath- 
ode rays, J. J. Thomson wrote: “The smallness 
of m/e may be due to the smallness of m or 
the largeness of e, or to a combination of these 
two." Subsequent research made it apparent 
that the difference in m/e for electrons and hy- 
drogen ions was entirely due to the greater 
mass of the hydrogen ion. To be able to de- 
scribe electrons fully, scientists were anxious 
to know the values of m and e separately. This 
could be done only if one of them could be 
calculated independently. 

In the 1890's, several determinations were 
made of e. In 1891, G. J. Stoney made a de- 
termination of e that was dependent on a 
knowledge of Avogadro's number (see p. 341). 
Later, attempts were made to use a method 
that did not depend on the knowledge of an- 
other constant such as Avogadro's number. 
Thomson made such a measurement in 1898 
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Atomizer 


Fig. 30-6. In order to meas- 
vre the electric charge of 
the electron, Millikan found 
out what happened to 
charged oil drops in an 
electric field. The bigger 
the charge, the greater was 
the force on the drop, but 
as the drops picked up or 
lost ions of air, the force 
always changed by a defi- 
nite amount, indicating that 
there was an elementary 
unit of charge. 


using a cloud of charged water droplets, and 
found e = 10-7? coulomb. 

In 1911, R. A. Millikan in the United States 
announced the results of a much more accurate 
determination of the charge of an electron. He 
devised a technique for measuring the charge 
on one individual droplet of oil, instead of 
the average value for swarms of charged par- 
ticles. A droplet of oil with a radius of about 
10-4 cm will fall through air at a constant 
speed of about 10-? cm/sec. If the drop picks 
up a charge by contact with an ion in the air, 
it can be acted on by an electric force. In 
Millikan's apparatus (Fig. 30-6) such a droplet 
is admitted into the space between two large 
brass plates. A battery can be connected to 
the plates through a switch so that the upper 
plate is given an opposite charge to that on the 
droplet. The electric force will then cause the 
droplet to move upwards. If the time is 
measured for the droplet to move a known dis- 
tance, its speed can be calculated. 

The battery is then switched off, permitting 
the droplet to fall. The time for it to fall the 
same known distance is also measured. This 
operation can be repeated indefinitely. From 
time to time the drop picks up another ion, or 
loses one, changing its charge and its speed of 
rise. From the calculated speeds, the voltage 
of the battery, and the physical properties of the 
oil and air, it is possible to calculate the charge 
on the droplet at various times. 


Every value of charge calculated in experi- 
ments of this kind is found to be very closely 
an integral multiple of a smallest charge (the 
elementary electric charge). The currently 
accepted value of the elementary electric charge 
is e = 1.6021 x 107!? coulomb. The charge 
on an electron is —e; the charge on a positive 
hydrogen ion, or proton, is +e. 


THE RADIATION CALLED X 


In 1895 Wilhelm Roentgen in Germany was 
experimenting with the glow of light produced 
in certain materials by cathode rays. He was 
following up some work by Lenard who had 
directed cathode rays at a thin aluminum win- 
dow in one end of a discharge tube and ob- 
served their ability to cause a screen to glow 
after passing a short distance into the air. 
Roentgen decided to discover the conditions 
necessary for the production of this glow out- 
side the tube. He prepared a screen of paper 
covered with a phosphorescent salt (a material 
which glows when struck with elementary par- 
ticles or photons). Leaving the screen on a 
bench he completely covered an evacuated tube 
with a close-fitting sheath of black cardboard. 
He took this precaution to prevent any glow 
within the tube itself from confusing the effect 
on the screen. With the room darkened he 
connected a high-voltage supply to the tube’s 
electrodes to test the tube before setting up 
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Fig. 30-7. 


In early x-ray tubes (a), x-rays were produced 
when electrons collided with the glass end of the tube. 


the screen in front of the tube. As he moved 
to disconnect the apparatus his eye was caught 
by a faint shimmer of light. The light remained 
for as long as the tube was connected, although 
the covering of the tube was perfectly opaque. 
When he lit a match, Roentgen discovered that 
the light had come from his phosphor screen 
lying several feet from the apparatus. He 
immediately surmised that he had observed a 
new phenomenon since cathode rays could not 
penetrate more than a few centimetres into air 
at normal atmospheric pressure. 

This discovery was made on 8th November 
1895. Roentgen immediately set out to de- 
termine the circumstances of this new occur- 
rence, and published a report at the end of 
December of that year. In a footnote he 
wrote: “For brevitys sake I shall use the 
expression 'rays'; and to distinguish them from 
others of this name I shall call them ‘x-rays’.” 
In his report Roentgen described his conclu- 
sions about the properties of x-rays: 

1. They are produced by the impact of cathode 
rays on the glass wall of the discharge tube. 
2. Many materials are quite transparent to 
x-rays. Denser materials are generally less 

transparent. The greater the thickness of a 

material the more absorbent it is. 

3. A number of materials such as glass, rock 
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In the more modern cold cathode tube (b), the electrons 
strike a target made of dense metcl. 


salt and calcium compounds emit light when 

exposed to x-rays. 

4. X-rays can expose photographic film. 

5. Pin-hole images can be formed, and sharp 
shadows cast. 

6. X-rays cannot be reflected or refracted or 
produced interference effects. 

7. The x-rays can be distinguished from cath- 
ode rays in not being deflected by even very 
intense magnetic fields. 

Several months later Roentgen reported obser- 

vations that x-rays could cause the discharge 

of either positively or negatively charged ob- 
jects, and that they were produced most effec- 
tively from the impact of cathode rays on tar- 
gets of high density. This led to the design of 
tubes specifically for the production of x-rays 

(Fig. 30-7). 

Seldom has the report of a scientific dis- 
covery produced such an immediate and wide- 
spread response as did the report of Roentgen’s 
Work at the beginning of 1896. Within days, 
laboratories throughout Europe and America 
were besieged with requests for x-ray photo- 
graphs of the human body. As a result, Roent- 
Ben's discoveries were verified much more 
quickly than might otherwise have occurred. 
The medical applications of x-rays were quick- 
ly appreciated, and their value in diagnosis has 


continued unabated to the present day. Mod- 
ern x-ray tubes operating at potential differ- 
ences in excess of 10° volts are employed in 
the treatment of cancer, and in industry x-rays 
are also used in such fields as the detection of 
flaws in metal castings. 


THE NATURE OF X-RAYS 


X-rays are produced by the stopping of high speed 
electrons. Now, as indicated in Chapter 20, the 
deceleration of a charged particle produces elec- 
tromagnetic waves, and the wavelength of this 
radiation depends on the degree of deceleration. 
Scientists thought therefore that x-rays should be 
waves, and therefore should show interference 
effects. It was thought that the failure of Roentgen 
to observe these effects might be due to the fact 
that the wavelength of the rays was much less 
than that of ultraviolet light, and that all the 
instruments used to look for the expected effects 
were too crude. In 1912, von Laue in Germany 
and Bragg in England proposed the use of the 
rows of ions in a crystal to produce interference 
effects. The distance between adjacent ions in 
sodium chloride is about 3 x 10—!? m, so that 
the rows of ions can produce interference effects 
for radiation of wavelength 10—!? m. A few years 
later they succeeded in producing interference 
effects with x-rays using this technique. 

The minimum wavelength of x-rays produced 
by a beam of electrons can be determined from 
the energy of the electrons. The quantum relation, 
E — hf, which was discussed on p. 310, specifies 
the relation between energy and frequency for any 
photon. The maximum energy available is that 
produced when an electron is brought to rest in 
a single collision. This maximum energy causes 
x-rays of a maximum frequency, and therefore of 
minimum wavelength (since Af — c, where c is the 
speed of light) This minimum wavelength can 
be calculated as shown in the example. 
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=m Example 30-1: Calculate the minimum wave- 
length of x-rays from a tube where the operating 
voltage is 10* volts. 


Solution: The potential difference between anode 
and cathode is 
V = 10* volts. 
The magnitude of the charge of an electron is 
Q = e = 1.6 x 10-!* coulomb. 
The energy of the electron as it arrives at the 
anode is 
E=QV 
= (1.6 x 10-!*? coulomb)(10* volts) 
= 1.6 x 10715 joule. 
Planck's constant is h = 6.6 x 10—** joule.sec. 
The frequency of the most energetic x-ray photon 
that can be produced is 
f=E/h 
2 L6 x 10716 joule 
~ 6.6 x 10-84 joule.sec 
= 2.4 x 1018 cycles/sec. 
The speed of electromagnetic waves is 
c — 3.0 x 108 m/sec. 
The wavelength of 10*-volt x-rays is then 
PES 
_ 3.0 x 108 m/sec 
~ 2.4 x 1018 c/sec 
z12x10- m, 
This wavelength of 1.2 x 10—19 m is just about 
the same as the distance between adjacent ions in 
a chemical compound like sodium chloride. 

Not all electrons lose their energy in a single 
collision. Thus from an x-ray target there will 
be emitted x-rays with a spread of wavelengths 
ranging up from the minimum value computed 
as in the example. Although a single electron can 
produce an x-ray photon in the manner indicated, 
only a small fraction of the electrons incident on 
the target actually do produce x-rays. In a 105- 
volt tube with a tungsten target only about 1% of 
the input electrical energy is emitted as x-rays. 
The remainder is converted to heat in the target. 
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EXERCISES and PROBLEMS 


A 


1. Of the various events that we experience, some 
occur continuously like the growth of a tree, 
while others occur in jumps or spurts, like the 
growth of a crayfish. Make a list of three or four 
examples of each kind of change. 


2. (a) In a basketball game in which no foul shots 
are permitted what is the value of the quantum 
by which the score can increase? 

(b) In a football game in which only touch- 
downs are counted, what is the quantum by 
which the score can increase? 

(c) What is the quantum of score increase in 
a hockey game? 


3. (a) What is the quantum of money by which 
the contents of the collection box in a soft-drink 
dispenser increases in value? 

(b) What is the quantum of money by which 
the value of your bank account can change? 


4. A long glass tube with an electrode sealed into 
each end contains oxygen gas at low pressure 
(about 0.0001 atmosphere). Within the tube there 
are neutral atoms and molecules of oxygen, free 
electrons, positive oxygen ions (atoms lacking one 
or more electrons) and negative oxygen ions 
(atoms to which one or more electrons have 
become attached). Draw a sketch to show which 
of the particles mentioned would move toward the 
anode and which toward the cathode, if the tube 


were connected to a high-voltage direct-current 
source. 


5. After the beginning of current in a discharge 
tube, what two sources of electrons are available 
to permit an increase in the current? 


6. If about 20 000 volts per centimetre are re- 
quired to produce a spark in air at atmospheric 
pressure, calculate 
(a) the potential difference required to produce 
a spark 6 centimetres long, 
(b) the length of the spark that could be pro- 
duced by a potential difference of 300 000 
volts. 


7. Make a list of the differences between cathode 
rays and x-rays. 


8. From research in an encyclopedia or other 
book, write a note of one or two, paragraphs on 
some of the applications of x-rays in modern 
medicine or industry. 

318 


B 


(For Planck's constant use 
h = 6.6 x 10—?* joule.sec.) 


9. Calculate the energy in joules of the quantum 
of radiation of each of the following radiations, 
having the frequencies indicated: 
(a) A broadcast radio wave, f = 1.0 x 106 
c/sec. 
(b) A radio microwave, f = 1.0 x 10!° c/sec. 
(c) Infrared light, f = 3.0 x 10!4 c/sec. 
(d) Ultraviolet light, f — 1.0 x 10!5 c/sec. 
(e) X-ray, f = 3.0 x 10!* c/sec. 
10. The wavelength of a blue-green radiation is 
5.0 x 10-7 m. 
(a) Calculate the frequency of the radiation. 
(b) Calculate the energy of a quantum of the 
radiation. 
11. Draw an end-on view of a cathode ray tube 
like the one used by J. J. Thomson. Include the 
deflecting plates, with charges needed to move the 
electron beam down; and the poles of a horseshoe 
magnet arranged to deflect the beam up. 


12, Draw another diagram like the one in Question 
11 to produce the same effects for a beam of 
positive ions. 


13. The quotient of mass divided by charge for 
an electron is approximately 6 x 10—? gram/ 
coulomb, and for a hydrogen ion, approximately 
1 x 10-5 gram/coulomb. Calculate the ratio of 
the mass of a hydrogen ion to that of an electron. 
What must be assumed to be able to make the 
calculation? 


14. The quotient of mass divided by charge for an 
electron is 5.7 x 10-9 gram/coulomb. The charge 
of an electron is 1.6 x 10-19 coulomb. Calculate 
the mass of an electron. 


15. The quotient of mass divided by charge for a 
hydrogen ion is 1.04 x 10-5 gram/coulomb. The 
charge of the ion is 1.60 x 10-19 coulomb. Cal- 
culate the mass of a hydrogen ion. 


16. Use the masses calculated in Questions 14 and 
15 to calculate the ratio of the mass of a hydrogen 
ion to that of an electron. 


Cc 


17. One electron-volt (eV) is the energy required 
to move one elementary electric charge through 


a potential difference of 1 volt. The charge is 
e = 1.6 x 10-1? coulomb. What is the energy 
in joules of one electron-volt? 

18. Calculate the value of Planck's constant in the 
unit of electron-volt-second. 

19. The frequency of a blue-violet radiation is 
7.0 x 10!* c/sec. Calculate the energy of a 
quantum of this radiation in electron-volts. 

20. Calculate the frequency of the (infrared) 
radiation having a quantum of energy 1 electron- 
volt. 

21. A frequently used unit of energy in nuclear 
physics is the mega-electron volt; 1 MeV = 109 eV. 
The frequency of a certain gamma ray photon is 
1.0 x 10?! c/sec. Calculate the energy of this 
photon in (a) joules, (b) electron volts, (c) MeV. 


THE DISCOVERY OF NEW RAYS 


22. (a) Calculate the energy in joules of an elec- 
tron (elementary charge, e = 1.6 x 10-19 cou- 
lomb) as it strikes the face of a television pic- 
ture tube after travelling through a potential 
difference of 1.5 x 10? volts. 

(b) If the electron were to give up all of its 
energy in one collision to produce an x-ray 
photon, calculate the frequency of the radia- 
tion. 

(c) Calculate the wavelength of the radiation 
(the speed of light, c = 3.0 x 108 m/sec). 

23. In a 100 000-volt x-ray tube the energy of 

electrons striking the target is 10? electron-volts. 

Planck's constant is ^ = 4 x 10-15 eV.sec. Cal- 

culate the maximum frequency and minimum 

wavelength of the most energetic x-ray that can be 
produced. 
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OPE 


ELECTRONICS 


The control of the motion of electrons in 
vacuum tubes is the basis of many devices used 
in electronics. In this chapter we consider the 
methods by which quantities of electrons are 
emitted into a vacuum, and how their motion 
is thereafter controlled. 


EMISSION OF ELECTRONS 
FROM METAL SURFACES 


We have seen that metals are materials in which 
electrons move about rather freely. Under 
normal circumstances the electrons are con- 
fined within the surface of the metal. To re- 
lease the electrons from the surface, energy 
must be supplied, which will overcome the 
forces that hold the electron to the metal. It 
has been found that each metal holds its elec- 
trons with a definite amount of energy, called 
the work function (W). 

There are four methods by which the work 
function can be supplied so that electrons are 
released from the surface of a metal. (i) Light 
of certain frequencies can knock electrons from 
the surface (photoelectric emission). (ii) The 
impact of other electrons or ions can knock 
electrons from the surface (secondary emis- 
sion). (iii) A strong electric field can drag 
electrons from the surface (field emission). 
(iv) At a high enough temperature, electrons 
can be “boiled” out of the surface (thermionic 
emission). Each of these methods of electron 
emission will be described in turn. 
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PHOTOELECTRIC EMISSION 


This effect was first observed by Hertz in 1887 
in connection with his experiments with radio 
waves. He found that his receiver operated 
better when it was illuminated by the sparks 
from the transmitter. He was able to assign 
the cause to the ultraviolet radiation from the 
spark. Within a year it was shown that the 
metal lost negative charge when illuminated. 
By 1900 it had been shown that particles were 
emitted that had the value of mass/charge 
characteristic of electrons. 

The photoelectric effect can be demonstrated 


Zinc plate 


Electroscope 


Fig. 31-1. When light hits a zinc plate, photoelectrons 
ere emitted. This is shown by the fact that an electro- 
scope attached to the plate will be discharged. 


i a 


Incident light 


With a photoelectric cell in an electrical cir- 
cuit, the current in the circuit depends on the intensity of 
the light incident on the cell. 


Fig. 31-2. 


using a zinc plate. Just before it is used the 
plate should be sanded to remove any oxide 
coating on it. The plate is connected to an 
electroscope, charged, and illuminated by an 
arc lamp, as shown in Fig. 31-1. The steps 
in the procedure illustrate that electrons are 
emitted from the zinc plate by ultraviolet radi- 
ation (see Exercise 31-1). 

A. commercial photoelectric tube has the 
construction illustrated in Fig. 31-2. The 
curved electrode, C, is nickel, coated with a 
material that is an efficient emitter of photo- 
electrons* (for example, cesium oxide). Such 
materials are said to be photosensitive, or 
photo-emissive. The electrode A serves to col- 
lect the electrons so that the tube can be con- 
nected into a circuit. When the photosensitive 
material is illuminated, and electrode A is posi- 
tive with respect to electrode C, an ammeter in 
the circuit would indicate a current. It is found 
that the magnitude of the current varies directly 
as the intensity of the illumination. 

Light can be used to control electric current 
by means of photoelectric tubes. It is possible, 


* The prefix "photo" indicates the method of emis- 
sion; photoelectrons are identical with all other electrons. 
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for example, to arrange a circuit to turn on 
street lights when the level of illumination falls 
below a certain value. Doors can be made to 
open mechanically when a bundle-laden shop- 
per interrupts a beam of light shining on a 
photoelectric tube. 

In the last chapter we described the produc- 
tion of x-ray photons when electrons are 
brought to rest at a target. The photoelectric 
effect is the reverse of that operation: here, 
photon energy is transferred to electrons. The 
use of the quantum theory to explain photo- 
electricity was proposed by Albert Einstein in 
1905. It was a great success for the quantum 
theory as it confirmed the idea of the particle 
nature of light. The photoelectric effect had 
been found to depend on the frequency of the 
illuminating radiation in a way that could not 
be explained by the wave theory. The kinetic 
energy of photoelectrons can be measured and 
compared to the frequency of the incident 
radiation. A graph of the relation between 
energy of electrons and frequency of radiation 
is shown in Fig. 31-3. Below a certain mini- 
mum frequency of radiation no electrons are 
emitted, no matter how intense the illumina- 
tion. For example, red light (frequency, 
4\ 10" c/sec) cannot produce the photo- 
electric effect in sodium, and no visible light 
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Fig. 31-3. As the frequency of light incident on a metal 
plate increases, so does the energy of the photoelectrons 
emitted. Below a definite cut-off frequency, no electrons 
are emitted whatever the intensity of the incident light. 
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Sodium iodide 


Fig. 31-4. A photomultiplier 
tube uses secondary emis- 
sion to multiply the number 
of electrons emitted from 
the first photosensitive layer 
by light from, for instance, 
a sodium iodide crystal. 


(frequencies 4 x 10!* c/sec to 7 x 10! c/sec) 
can do it in zinc. 

Einstein proposed that each incident photon 
can transfer its energy to one electron in the 
surface. If that energy is equal to or greater 
than the work function of the material the 
electron may be emitted. If the photon's ener- 
gy is less than that (i.e. of lower frequency) 
the electron cannot escape from the surface. 
If the energy of the photon is greater than the 
work function of the surface, the excess is 
supplied to the electron as kinetic energy. Ein- 
stein’s work explained all the details of the 
photoelectric effect and was completely con- 
firmed by accurate measurements made by Mil- 
likan in 1916. 


SECONDARY EMISSION 


Energy equal to the work function can be sup- 
plied to electrons in a metal by the impact of 
charged particles. In the discharge tube de- 
scribed in Chapter 30, some electrons are lib- 
erated from the cathode by the impact of posi- 
tive ions. In some radio tubes secondary 
emission from high speed electrons is a nui- 
sance, and methods have been devised to avoid 
it. However, secondary emission is used to 
good advantage in the photo-multiplier tube, 
illustrated in Fig. 31-4. Such tubes are widely 
used in nuclear physics for the detection of 
high speed particles. A material such as sodium 
iodide will emit a tiny flash of light if struck 
by a particle or a photon. The light then 
ejects electrons from the photosensitive element 
in the photo-multiplier tube. Each photoelec- 
tron strikes a second electrode and supplies 
enough energy to release two secondary elec- 
322 


Photosensitive layer 


Each of these strikes a third electrode 


trons. 
and releases a further two electrons. With a 
series of ten such electrodes each primary 
photoelectron can produce a spurt of a thou- 
sand electrons in the circuit of which the tube 
isa part. This spurt is sufficient to work stand- 
ard electronic equipment, and the result is that 
the particles striking the sodium iodide can be 
counted electronically. 


FIELD EMISSION 


When there is a large electric field at the sur- 
face of a metal, electrons can escape with less 
energy than is needed without the field. This 
can be looked at as a "sucking out" of the 
electrons from the metal, and is in many ways 
analogous to the rapid evaporation of molecules 
from a liquid when there is a low pressure or 
vacuum above the surface of the liquid. The 
electrical phenomenon is called field emission, 
or sometimes cold cathode emission, and is the 
method by which the initial electrons are 
emitted in a discharge tube. Normally several 
thousand volts are needed to drag the electrons 
from a metal. 


THERMIONIC EMISSION 


Field emission can be contrasted with thermi- 
onic emission, for in the latter, the cathode is 
hot. At a temperature of several thousand 
degrees the electrons have enough kinetic ener- 
gy of random motion that large numbers of 
them can be emitted in quite small electric 
fields. A thermionic emitter made of a pure 
metal must have a rather high melting point. 
Tungsten, with a melting point of 3400°C, has 


Oxide layer 
on nickel 
cylinder 


Heater 


Fig. 31-5. The oxide layer on a nickel cylinder in a 
normal thermionic tube emits electrons when heated. 


been used. However, oxide coatings have been 
developed that are effective below 1000°C. 

The vacuum tubes used in radio and tele- 
vision have a centrally located thermionic 
emitter. In a typical tube it consists of a small 
nickel cylinder surrounding a heating coil as 
illustrated in Fig. 31-5. The cylinder may be 
about 3 cm long, with a diameter of several 
millimetres. It is coated with a layer, about one 
tenth of a millimetre thick, of a mixture of the 
oxides of barium and strontium. Such a mix- 
ture has a thermionic work function that is less 
than half of that of the pure metals. 


VACUUM TUBES—DIODES 
The simplest type of vacuum tube is illustrated 
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in Fig. 31-6, and consists of a heated thermi- 
onic emitter (cathode K), surrounded by a 
metal cylinder, P, which collects the emitted 
electrons. Such a tube is called a diode, be- 
cause there are two (di-) electrodes (-ode).* 
The cylinder P may be called either the anode 
or the plate. The (b) part of the figure indi- 
cates the standard symbol used to represent a 
diode, and a circuit by which its properties can 
be studied. Changing the voltage of battery A 
will alter the temperature of the cathode. 
Changing the voltage of battery B will alter the 
electric field between anode and cathode. The 
effects of these voltage changes on the electron 
flow through the tube can be seen from current 
changes which are indicated by the galvano- 
meter in the plate circuit. 

Electrons are emitted by the cathode only 
when it is hot. They are attracted to the anode 
when it is positive with respect to the cathode, 
and the tube is said to be conducting. If the 
anode is 1 or 2 volts negative with respect to 
the cathode some emitted electrons still have 
enough kinetic energy to reach the anode. 
When the anode is more negative than that, 
however, electrons are repelled from it, and 
the tube is non-conducting. A diode, then, 
is a device that has a low resistance when its 
anode is positive, and a high resistance when 
its anode is negative with respect to the 
cathode. It could be used as a switch in a 


* The heater does not count as an electrode. 


Fig. 31-6, The basic structure 
of a diode vacuum tube, (a), 
can be conveniently shown in 
a circuit in symbolic form (b). 


P — anode or plate 


K = cathode 
H — heater 
(b) 
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EXPERIMENT IV-1 


The Diode Vacuum Tube and Rectification 


1. Connections to a diode with an indirectly 
heated cathode are made to four pins in the 
base of the tube. Connect the two heater 
pins to a voltage source so that the potential 
difference across the heater can be varied. 
Connect a DC voltage source and a low- 
range DC ammeter in series between the 
plate and cathode of the tube. 


Is there any current in the plate circuit when 
the current in the heater is zero? 


With a current in the heater, make the plate 
circuit connections so that the plate is nega- 


tive with respect to the cathode. 
any current in the plate circuit? 


Is there 


Reverse the plate circuit connections. Is 
there any current in the plate circuit? 


Make the connections necessary to have 
electrons moving through the plate circuit, 


circuit, being turned on or off by reversing the 
voltage on the anode. That is the reason that 
vacuum tubes are sometimes called valves. 
The circuit containing cathode and plate can be 
called the plate circuit, and the current in it, 
the plate current. 


Neon lamp 


Fig. 31-7. !f an alternating voltage (AC) is applied 
across a diode a neon lamp in the circuit will glow on only 
one of its electrodes, showing that only a unidirectional 
current is in the circuit. 
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and note the effect on the plate current of 
altering the current in the heater. 


If the plate voltage can be changed, note the 
effect on the plate current of different values 
of plate voltage. 


Connect a neon tube and a resistor of about 
10, 000 ohms in series with an alternating 
current source. Note the glow produced in 
the neon tube. 


Connect the plate and cathode of a diode 
tube in series in the circuit described in the 
preceding step. When there is current in 
the heater circuit of the diode, note the glow 
in the neon tube. Is there any evidence that 
the diode is rectifying the alternating current? 


The direction of electron motion in the 
circuit of the preceding two steps can be 
deduced if you can observe the glow of the 
neon tube when it is connected to a high 
voltage DC source. 


RECTIFICATION 


As described in Chapter 19, electrical energy 
is usually supplied in the form of alternating 
current. However, radio and television sets 
and batteries on charge require a supply of 
direct current (or, at least, non-alternating cur- 
rent). The process of converting alternating 
current (AC) to direct current (DC) is called 
rectification. Since a diode has a high resist- 
ance in one direction and a low resistance in 
the other, it does not conduct during both halves 
of an AC cycle. Fig. 31-7 illustrates a diode 
connected in a circuit with an AC generator and 
a neon tube. The neon tube contains neon at 
low enough pressure that only the cathode glow 
is visible. That is, whichever electrode is nega- 
tive will produce the red glow characteristic 
of neon. Both electrodes glow when a neon 
tube is connected to alternating current, but 
they glow alternately, In the circuit illustrated, 
only one plate glows, indicating that the other 
plate is never negative. 

When the generator produces 60 c/sec alter- 
nations, Terminal 1 is positive for Vo Sec, 


Vi 


E 


$ LR 


Fig. 31-8. These are the voltage wave forms for the 
circuit of Fig. 31-7. When the plate is negative with re- 
spect to the cathode there is no current in the circuit, 
making V, zero for half of each cycle of the AC of V,. 


while Terminal 2 is negative; then Terminal 1 
is negative for 4459 sec while Terminal 2 is 
positive, and so on for each succeeding cycle. 
Since the diode conducts only when the anode 
is positive there will be current only when 
Terminal 1 is positive and no current when 
Terminal 1 is negative. As a result electrons 
will move around the circuit only in the direc- 
tion shown by the arrow, never in the other 
direction. The graphs of Fig. 31-8 illustrate 
the voltage relations in this rectification pro- 
cess. Since the voltage across the load resist- 
ance varies, the current through the resistor 
will also vary, but it never changes direction. 
For this reason, it can be called varying or 
pulsating direct current. 


TRIODE VACUUM TUBES AND 
AMPLIFICATION 

The control of electrons in a diode is simply 
go or no-go: the tube is either conducting or 
non-conducting. To control the number of 
electrons that pass from cathode to anode, a 
third electrode is introduced. The three (tri-) 
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electrode tube, or triode, illustrated in Fig. 
31-9, has a loose coil or a mesh of fine wire 
between the anode and the cathode. Electrons 
passing through this electrode, called the grid, 
can be controlled by relatively small voltages. 
Suppose you wanted to control the number of 
stones rolling down a hill (these particles are 
in a gravitational field instead of an electrical 
field, but the physics is the same). It is far 
easier to hold back the rocks at the top of the 
hill before they have picked up much energy 
than when they have gained speed. The grid, 
close to the cathode, operates in the same man- 
ner. 

The effect of the grid on electron flow from 
cathode to anode can be demonstrated using 
the circuit shown in Fig. 31-10. With a wire 
joining points X and Y, vary the voltage of the 
battery, C. That voltage determines the poten- 
tial difference between the grid and the cathode. 
When the potential difference is zero, the grid 
has little effect on the motion of electrons, 


CERAMIC 
BASE WAFER 


Fig. 31-9. The main parts of a triode tube are the cathode, 
heater, anode or plate, and grid. These are encased in 
an envelope of glass or metal. 
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B 
TET 


Fig. 31-10. In the operation of a triode tube, the poten- 
tial difference between the anode (P) and cathode (K) is 
controlled by the battery B and that between the grid 
(G) and cathode by the battery C. Battery A provides 
energy to heat the cathode. Any signal applied across 
the grid and cathode (at XY) will affect the anode current 
(through R) and thus the voltage V across the resistance R. 


which pass right through it from the cathode 
to the anode. However, as the grid is made 
negative with respect to the cathode the electric 
field slows the electrons or even repels some 
of them. Thus fewer of the electrons reach 
the anode per second and as a result the cur- 
rent reading on the milliammeter decreases. 
The more negative the grid becomes, the 
smaller is the current in the anode circuit. The 
relation between grid-cathode voltage and cur- 
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Grid voltage 
Fig. 31-11. The current through a triode varies very 
rapidly with the voltage on the grid. Positive grid voltages 
usually cause unwanted effects. 
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rent in the anode circuit is shown in the graph 
of Fig. 31-11. 

Now suppose that the voltage of C is made 
constant so that the grid is —4 volts with re- 
spect to the cathode. A variable voltage sup- 
ply is connected between X and Y that has 
a range of + 2 volts. When this supply is com- 
bined with C, the grid voltage can range from 
—2 volts to —6 volts. According to the graph, 
the anode current will range between 15 and 
5 mA. If the resistance of R is 5000 ohms, 
what will be the changes in the voltage across 
its ends? 

Since V = I R, then 
V, = (15 x 10-? A)(5 x 10? ohms) 
cS SR 
and 
V, = (5 x 10-? A)(5 x 10% ohms) 
225 V, 
Then, as the grid voltage changes by 4 volts, 
the voltage across R changes by 50 volts. This 
increase in voltage change is called amplifica- 
tion. 

Amplification should be clearly understood 
as large changes of voltage in the anode circuit 
produced by small changes of voltage in the 
grid circuit. Or, we might say, a small amount 
of energy supplied to the grid can control a 
larger amount of energy in the anode circuit. 
The gas pedal or accelerator of a car is an 
amplifier in this sense: the small effort of a 
foot on the pedal can control the much greater 
effort of the car's engine. A varying voltage 
applied across XY will produce a geometrically 
similar variation in the voltage across the re- 
sistance R. If the supply to XY is the elec- 
trical variation produced by sound waves in a 
microphone (called an audio signal), then the 
shape of the graph of voltage variation across 
R is the same as the shape of the graph of the 
pressure variation of the sound wave. But 
whereas the first electrical variation is + 2 
volts, the final variation is + 25 volts. The 
signal has been amplified. 


CATHODE RAY TUBES 


We have now seen the on-off control of elec- 
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Electron gun 


Fig. 31-12. In a cathode ray tube, electrons from a heat- 
ed cathode (C) are accelerated and focused by electric 
fields between the anodes (A,, A,) and the cathode. 
The beam produces light at the face of the tube where 


trons, and the instant-by-instant control of the 
rate of flow of electrons. It is also useful to 
be able to control the precise direction in which 
electrons move. In the cathode ray tubes used 
in television receivers it is necessary to have a 
narrow beam of electrons which can be moved 
back and forth across the screen to “paint” 
the picture. This electron beam is provided 
by a system of electrodes called an electron 
gun. 
The parts of an electron gun are illustrated 
in Fig. 31-12. The heater, H, raises the tem- 
perature of the cathode to about 1000°C. At 
this temperature the cathode, K, can emit a 
large supply of electrons into the space in 
front of it. The voltage between the control 
grid and the cathode determines the rate at 
which electrons can pass through the aperture 
in the grid. The voltages between the cathode 
and the two anodes provide electric fields that 
accelerate and focus the electrons. The “rays” 
in the diagram indicate the edges of the electron 
beam; and it can be seen that in the picture 
they are converging to a point at the face of 
the cathode ray tube. The inner surface of the 
tube face is coated with a phosphor, which 
radiates light when struck by electrons. The 
brightness of the spot on the screen varies with 


Phosphor coating on 
inside of tube face 


Electron beam 


it strikes the phosphor coating. Deflected by electric or 
magnetic fields, the beam traces out a pattern on the 
face of the tube. The circuit is completed by electrons 
travelling to the conducting coating that lines the tube. 


the rate at which electrons are hitting it. Ina 
television picture tube the phosphor is a mix- 
ture of the sulfide and silicate of zinc with 
metallic manganese and silver. The inside of 
the tube between the gun and the screen has a 
conducting coating connected to the final 
anode. The electrical circuit is completed to 
this coating by electrons emitted back from the 
screen by secondary emission. 

The provision of a method for deflecting the 
electron beam from its normal path enables 
patterns to be produced on the face of the 
cathode ray tube. The two methods of elec- 
tron deflection are magnetic and electrostatic 
such as employed by J. J. Thomson in his 
studies of cathode rays (Chapter 30). In tele- 
vision receivers the electron beam is swept 
back and forth and up and down across the 
face of the picture tube by the changing mag- 
netic field of coils mounted on the outside of 
the neck of the tube. A cathode ray oscillo- 
scope is an electronic device that can produce 
a graph of the time variation of the voltage in 
any electrical circuit. It is usual for the cath- 
ode ray tube in an oscilloscope to employ elec- 
trostatic deflection. Potential differences are 
applied across a pair of plates situated so that 
the electron beam passes between them on its 
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way from the electron gun to the face of the 
tube. The voltage to be studied is applied 
across plates that can move the beam up and 
down. A second pair of plates, arranged to 


EXERCISES and PROBLEMS 


A 


1. A clean zinc plate is attached to the top of a 
charged electroscope. A carbon arc lamp, which 
produces both visible and ultraviolet radiation, 
shines through a transparent block onto the zinc 
plate. Make a table to show the action of the 
vane of the electroscope when firstly it is positively 
charged and secondly negatively charged in the 
following circumstances: 

(a) when the transparent block is made of 

glass, which does not transmit ultraviolet 

radiation, 

(b) when the transparent block is made of 

quartz, which does transmit ultraviolet radia- 

tion. 
What conclusions can be drawn about the sign of 
the charged particles emitted photoelectrically, 
and about the nature of the radiation needed to 
produce the emission from zinc? 


2. What two conditions must both be satisfied 
before electrons can pass from the cathode to the 
anode of a diode vacuum tube? 


3. What is the effect of the grid in a triode on the 
motion of electrons from cathode to anode, 
(a) when the grid is several volts negative with 
respect to the cathode, 
(b) when the grid is several volts positive with 
respect to the cathode? 


4. What, in general, is necessary to remove elec- 
trons from the surface of a metal? How is it 
provided in electrostatic charging by separation? 


5. By what methods can electrons be liberated 
from the surface of a metal? 


6. A diode tube with heated cathode is connected 
in series in an alternating current circuit, 
(a) How does the sign of the potential differ- 
ence between cathode and plate change with 
time? 
(b) Are electrons being liberated from the 
cathode all the time? 
(c) Are electrons reaching the plate from the 
cathode all the time? 


7. (a) Draw a graph of a 60-c/sec alternating 
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move the beam sideways, is supplied from a 
circuit within the oscilloscope in order to 
spread a voltage-time graph across the face of 
the tube. 


current against time for a period of 14, sec, 
given that the maximum value of the current 
is 3 amperes. 

(b) Draw a second graph of the current men- 
tioned in (a), but this time assume that a diode 
rectifier is included in series in the circuit. 


8. When viewed end on, the electrostatic deflec- 
tion plates of a cathode ray tube have the appear- 
ance of the four sides of a rectangle with the 
corners missing. Draw diagrams to show how 
the plates should be charged so that the spot on 
the face of the tube produced by the electron 
beam is located 

(a) near the centre of the right side, 

(b) near the centre of the bottom side, 

(c) near the upper left corner. 


B 

9. The electron-volt is an energy unit that has an 
appropriate size for describing events at the atomic 
level; 1 electron-volt (eV) = 1.6 x 10-19 joule. 
The amount of energy that must be supplied to 
release an electron from the surface of a metal 
(the work function) is 1.9 eV for cesium, 2.3 eV 
for sodium, 3.2 eV for calcium, and 3.8 eV for 
zinc. Only photons with energy in excess of these 
values can liberate an electron from the metal’s 
surface. Several approximate photon energies are 
2.1 eV for red light, 2.7 eV for green light, and 
3.4 eV for violet light. State which colours of 
light will be able to liberate electrons from the 
surface of each metal in the list. 


10. The rectification of alternating current shown 
in the text for one diode is called half-wave recti- 
fication. It is possible to connect two diodes into 
a circuit in such a way that full-wave rectification 
can be obtained. One tube conducts during each 
alternate half cycle, and the direction of electron 
motion in the load never reverses. Draw a graph 
of current against the time for 142 sec of full-wave 
rectification of 60-c/sec alternating current. 


11. The voltage amplification of a triode is defined 
as the ratio of the voltage range in the plate 
Circuit to the voltage range in the grid circuit. 
Calculate the voltage amplification when 


(a) the voltage input to the grid is + 2 volts, 

and the voltage output from the plate is + 50 

volts, 

(b) the input voltage is + 0.01 volts, and the 

output voltage is + 5 volts. 
12. If an alternating potential difference is ap- 
plied between the upper and lower deflection 
plates of a cathode ray tube what will appear on 
the face of the tube? 
13. As you look at the face of a cathode ray tube 
the left hand deflection plate is positive with 
respect to the right hand plate, and the lower 
plate is positive with respect to the upper plate. 
The voltages in the left hand and lower plates are 
then uniformly decreased through zero to an equal 
negative value. Describe the motion of the spot 
across the face of the tube. 


14. In his work on the photoelectric effect Einstein 
established that the energy of a photon of light 
had to be sufficient to supply the work function 
of the metal in order for an electron to be emitted. 
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Any excess of the photon's energy over the work 
function was supplied to the electron as kinetic 
energy. Suppose that photons of blue light of 
energy 2.9 eV illuminate the surface of cesium 
with a work function of 1.9 eV. 

(a) What is the kinetic energy of each emitted 

electron in electron-volts? 

(b) Convert the kinetic energy of each emitted 

electron to joules. 

(c) Calculate the speed of each emitted elec- 

tron, given that the mass of an electron is 

9 x 10-8! kg. 
15. The Einstein photoelectric equation states that 
the kinetic energy of an emitted electron is equal 
to the energy of the incident photon minus the 
work function (W) of the metal, or 

15 mv? = hf — W. 

If the frequency of a certain ultraviolet radiation 
is 1.5 x 10!5 c/sec, and the work function of 
sodium is 3.5 x 10—19 joule, calculate the speed 
of electrons emitted from sodium by the radiation. 
Use h = 6.6 x 10—?* joule.sec, and m — 9.1 x 
10-3! kg. 
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CHAPTER 52 


ELECTRONIC COMMUNICATION 


During the twentieth century the development 
of methods for rapid, long distance communi- 
cation has gone hand in hand with the growing 
interdependence of widely separated parts of 
the world. For many centuries, news could 
travel only as fast as a man could carry it, 
whether on horseback or by sailing-ship. To 
day, the transmission of news around the world 
is practically instantaneous. The development 
of radio communication has depended to a 
large extent on the discovery of scientific prin- 
ciples. In fact, the electronics industry repre- 
sents a rapid assimilation of scientific knowl- 
edge into technology. 


COMPONENTS OF A COMMUNICATIONS 
CHANNEL 


There is a minimum number of items that must 
be present in any system by which information 
is to be conveyed from one place to another. 


1. In planning such a system you must decide 
on the medium or carrier by which the 
information or signal will be transmitted. 
As a simple example, consider the princi- 
ples of the telephone. In the simple ar- 
rangement of Fig. 32-1, copper wires pro- 
vide the medium that connects the trans- 
mitter to the receiver. A steady current in 
the wires is the carrier on which the signal 
(or message) is impressed. 


2. The transmitter in this situation is a micro- 
phone. It provides a means for modulating 
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the carrier, that is, for changing the current 
in a way that corresponds to the sound 
waves from the person speaking. 

3. The receiver is a device that converts the 
varying electric current into sound waves. 
This process is called demodulation, or de- 
tection. 


In more complicated systems, other items 
might be required. 


4. If the information is to be transmitted any 
distance, it may be necessary to provide 
amplification of the signal. 


5. In some systems one must be able to select 
one from a number of available messages 
being transmitted. This process is called 
tuning. 


Ear phone 
Microphone 


aala} 


dz 


Fig. 32-1. In this simplified telephone circuit there is a 
steady current in the circuit which contains Box B and 
Magnet M. Box B contains carbon grains which are com- 
pressed when sound waves hit the box, thus causing a 
change in resistance and therefore a change in the current. 
These current changes in the circuit change the field 
strength of the magnet, which causes the iron diaphragm 
in the earphone to vibrate. This vibration causes sound 
waves to be emitted by the earphone to the ear E. 


As we proceed to consider radio and tele- 
vision you will find it necessary to provide for 
these processes: a carrier must be generated; 
the carrier must be modulated by the signal; 
the modulated carrier must be transmitted 
through a medium; the receiver must be tuned 
to select the desired signal from the many 
that are available; in the receiver the signal 
must be amplified, and demodulated. 


VOICE COMMUNICATION BY RADIO 


In radio communication the carrier is an elec- 
tromagnetic wave (see p. 303). A signal fre- 
quency is generated in the range from 10t 
cycles/sec to 10? cycles/sec depending on the 
application. The radio wave is transmitted 
through space at a speed of 3.0 x 10* m/sec 
from an antenna in which electrons are oscil- 
lating at the required frequency. For efficient 
transmission an antenna must be at least one 
quarter of the wavelength of the radio wave 
to be transmitted. 


W Example 32-1: The U.S. Navy has installed 
a very low frequency transmitter for communi- 
cation with ships around the world. The an- 
tenna (which is equal in length to half a wave- 
length) is so long that it is suspended between 
two mountain ridges, with the transmitter in 
the valley below. For a transmission frequen- 
cy of 2.0 x 10* cycles/sec, how far apart are 
the ends of the antenna? 


Solution: From the wave relation 
SES 
Xv 
The wavelength is 
A = (3.0 x 108 m/sec)/(2.0 x 10* cyc/sec) 
zu Su 
= loskim; 
'. the antenna has a length of : = 7.5 km, 


almost five miles. 


To transmit sound by radio requires that 
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some property of the radio frequency carrier 
must be changed periodically at the audio fre- 
quency rate. In ordinary radio broadcasting, 
the amplitude of the carrier is modulated at 
the audio frequency. Frequency modulation 
(FM) is employed in high fidelity broadcasting 
and in the sound portion of television broad- 
casting. However, because of its greater sim- 
plicity, only amplitude modulation (AM) is 
described here. 

The carrier frequency is generated in an 
oscillator. In the early days of radio, oscil- 
lators sometimes consisted of alternating cur- 
rent generators, with many separate windings, 
operating at high speed. However, vacuum 
tubes are now employed for the purpose. A 
vacuum tube oscillator consists essentially of 
an amplifier circuit in which there is a connec- 
tion between the plate circuit and the grid 
circuit. A small oscillation of electrons in the 
grid circuit produces an amplified oscillation 
in the plate circuit. Part of this latter oscilla- 
tion, fed back to the grid, produces a still 
larger oscillation in the anode circuit. The 
amplitude of the output then continues to in- 
crease until it is limited by the power of the 
supply. The frequency of the oscillations can 
be controlled by the choice of circuit elements. 

Pressure variations in the air caused by 
speech or music generate in a microphone an 
electrical signal that has a voltage variation 
with the same frequency and relative ampli- 
tude as the sound waves. This electrical audio 
frequency signal is supplied to the grid of a 
triode vacuum tube to produce an amplified 
signal. At the same time the radio frequency 
voltage variations generated in the oscillator 
are also amplified. The audio frequency (AF) 
and radio frequency (RF) voltage variations 
are supplied to the modulator as shown in Fig. 
32-2. The audio frequency signal is applied 
to the grid of a triode in a circuit that causes 
the amplitude of the radio frequency carrier 
to vary at the audio frequency rate. The result 
is an amplitude modulated signal that is sup- 
plied to the antenna circuit. 

The wave-forms of the electrical currents in 
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Fig. 32-2. In a radio transmitter 
the microphone converts sound 
waves to electric waves which 
are then amplified. The ampli- 
fied audio-frequency waves (a) 
are then combined with amplified 
radio-frequency waves (b) The 
resultant modulated wave (c) is 
then transmitted by the antenna. b 


the transmitter are illustrated in Fig. 32-2.* 
These are graphs of the currents as they vary 
with time: 

(a) the audio frequency signal from the micro- 
phone, amplified; 

(b) the radio frequency carrier produced in 
the oscillator, and then amplified; 

(c) the modulated carrier with amplitude 
varying according to the audio signal, rep- 
resented by the envelope. 

Electromagnetic waves are radiated from the 
antenna with electric and magnetic fields vary- 

ing according to the graph of Fig. 32-2(c). 

Except as noted later in Fig. 32-7, radio waves 

can be received only a short distance beyond 

the horizon, about fifty miles, since the electro- 
magnetic radiation, like light, travels more or 
less in straight lines, and as only very small 


* [n actual practice a typical audio wave might have 
a frequency of 10% cycles/sec, and a typical radio wave 
might have a frequency of 10* cycles/sec. 
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Antenna 


Modulator 
amplifier 


voltages are induced in receiving antennas. 
The oscillation of electrons in a receiving 
antenna faithfully reproduces the variations of 


the modulated waves. The antenna is con- 
nected to a radio frequency amplifier, as shown 
in Fig. 32-3, which restores the amplitude 
to a useful size. In the detector the audio fre- 
quency variations in amplitude are extracted 
from the carrier, as shown in Fig. 32-3(b), 
amplified, and applied to the loudspeaker. In 
the speaker the electrical variations cause the 
cone to vibrate and to reproduce sound more 
or less like the original at the transmitter. 

The operation of a detector is very similar 
to that of a rectifier. A diode tube can be used 
as the detector. As in the rectifier it conducts 
only during the positive half cycles of voltage, 
producing the signal shown in Fig. 32-3(b). 
This rectification is necessary since the mass 
of the speaker cone is too great to permit it to 
respond to the rapid variations of radio fre- 


Antenna 


RF 
Amplifier 


Detector 


AF 
Amplifier 


quency. It would, however, move in response 
to the average value of RF supplied to it. Since 
the average value of the modulated RF shown 
in Fig. 32-3(a) is zero, it would produce no 
effect in a speaker. But after detection, the 
average value of the positive halves of the RF, 
shown in Fig. 32-3(b), can be reproduced by 
the speaker. This average value to which the 
speaker responds is the same as the audio 
frequency originally generated by the micro- 
phone in the transmitter. The effective current 
to the speaker has the wave form of Fig. 
32-3(c). 

Some more details of radio communications 
are described at the end of this chapter: tuned 
radio circuits in Fig. 32-6 and transmission in 
the ionosphere in Fig. 32-7. 


TELEVISION BROADCASTING 
The existence of an efficient, economical tele- 
vision service available to more than 9046 of 
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Fig. 32-3. |n a radio re- 
ceiver the amplitude modu- 
lated waves (a) from the 
transmitter are picked up 
by the antenna and then 
amplified. The waves are 
then rectified (b). The recti- 
fied waves are then ampli- 
fied in an audio-frequency 
amplifier from which they 
pass (c) to the speaker. 


the peoples of Canada, the United States and 
Europe is a tribute to the ingenuity of radio 
engineers in applying scientific principles to a 
complex problem. Devices must be provided 
for supplying a video signal to a communica- 
tions channel and for reconstructing it at the 
receiver to form an image of the original scene 
being televised. The video signal must contain 
a point by point representation of the brightness 
across the whole area of the scene. The pat- 
tern of varying brightnesses must be unravelled 
in some regular way so it can be put back 
together by a reverse process. An analogy for 
this process can be constructed: produce a 
black and white picture on a square of knitted 
material, pull the yarn out into a single strand, 
wind it on a ball, and send it by mail across 
the country. If the person who receives the 
ball of yarn knows the size of the stitches 
and the lengths of the rows, the yarn can be 
reknitted to form the picture again. The 
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Fig. 32-4. On a TV screen the electron beam scans over 
the face of the picture tube in the manner similar to that 


shown here. The return traces are here shown dotted. 


television problem is further complicated by 

the requirement that the motion of figures in 

the scene must be reproduced satisfactorily. 
In summary, a television transmission sys- 
tem must provide: 

1. An analysis of the scene into distinct ele- 
ments; 

2. The representation of the brightness of the 
elements in an electrical signal; 

3. An orderly sequence of conversion from 
light intensity to electric current over the 
whole area of the scene; 

4. A continuous retracing or scanning of the 
scene to represent motion. 


The video signal so formed can be used to 
modulate a radio wave carrier, that can be 
detected at the receiver. In the receiver pro- 
visions must be made for reconstructing the 
visual field from the video signal. 

The amount of picture detail that needs to 
be produced is limited by the extent to which 
human eyes can be fooled. Two black rec- 
tangles separated by a white space one tenth 
of an inch wide seem to be touching when 
viewed from a distance of twenty feet. For 
this reason it has been determined that 525 
horizontal lines are sufficient to reproduce an 
acceptable picture. A complete television pic- 
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ture consists effectively of about one hundred 
thousand individual elements, each about one 
twentieth of an inch square. In the same way, 
a newspaper photograph viewed through a 
magnifying glass can be seen to consist entirely 
of black dots on a white background. The 
distance between dots determines the darkness 
of any portion of the picture. 

To create the illusion of motion it is suffi- 
cient to present still pictures each differing 
slightly from the preceding one, at a rate of 
about twenty per second. Standard motion 
pictures operate at the rate of 24 frames (in- 
dividual pictures) per second. In television 
the repetition rate is 30 frames per second. If 
an object is alternately seen and not seen, vision 
will appear to flicker if the rate is slow enough. 
However, an image will persist on the retina 
for a certain length of time, between !4, and 
o Sec. So a flicker frequency of 40 cycles 
per second is not noticeable. In a motion 
picture theatre each frame is on the screen for 
Yg Sec. After !4g sec of darkness the next 
frame appears, and blends in with the image 
of the preceding one. In television, flicker is 
avoided by presenting each frame twice, for 
Yo sec each time; each presentation contains 
only half of the 525 lines, selected alternately. 
This process is called interlaced scanning, and 
the rate was chosen to coincide with the 60 
cycle/sec line frequency of the electrical sup- 
ply. 

In a television camera tube the scene is 
focused by lenses on to a photo-electrode, a rec- 
tangular element that is capable of producing 
an electrical charge that varies directly with 
the intensity of the light on it. In this way a 
distribution of electric charge over the area 
of the photo-electrode provides an electrical 
image of the scene. An electron gun in the tube 
emits a narrow beam of electrons that is made 
to scan the surface of the photo-electrode. That 
is, the beam is deflected in such a way as to 
sweep across the photo-electrode in a series of 
almost horizontal lines (Fig. 32-4), at the rate 
that would produce 525 lines in each 14ọ sec. 
As the electron beam strikes each point on the 


Camera tube 


Communication 
channel 


photo-electrode it restores the charge there to 
zero. This action produces an electric cur- 
rent in the output of the tube that varies with 
the charge (and therefore the light intensity) 
at each point. Where bright light is focused 
on the photo-electrode the negative charge is 
great, the change in charge produced by the 
electron beam is great, and the electric current 
in the output is great. So an electric current 
that reproduces the variations in light intensity 
is available to be amplified and used to modu- 
late the radio carrier wave. The picture has 
been unravelled in time the way the knitted 
picture was unravelled in space. 

The scanning of the photo-electrode is 
accomplished by magnetic deflection coils that 
cause the electron beam to sweep the surface 
horizontally and vertically. The deflection coils 
are arranged on the outside of the tube to pro- 
duce a magnetic field that exerts a force on the 
electrons in the beam. By this magnetic de- 
flection the beam is made to move in a straight 
line across the photo-electrode at a constant 
speed. It is then returned to the opposite side 
at about five times the speed. During this re- 
trace period, the control grid of the electron 
gun is made negative to stop the electron beam. 
The motion of the beam is caused by a varying 
current in the deflection coils (greater current 
causes greater deflection). A description of 
one kind of camera tube is provided at the 
end of this chapter in Fig. 32-8. 

The radio carrier wave for television is 
modulated by several distinct signals: 


1. The video signal from the camera tube; 
2. Pulses of synchronization that are necessary 
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Picture tube 


Fig. 32-5. It is essential 
that the scanning on the 
TV picture tube be synchro- 
nized precisely with the 
scanning of the screen on 
the TV camera. 


to control the sweep oscillators in the re- 
ceiver; 
3. The FM audio signal from the microphone. 


When the radio wave has been received, ampli- 
fied and detected, special circuits in the re- 
ceiver permit the various components of the 
modulation to supply energy to the appropri- 
ate circuits. 

Each television receiver contains oscillators 
to supply current to the horizontal and vertical 
deflection coils of the cathode ray picture tube. 
The pulses of synchronization from the trans- 
mitter ensure that these oscillators will begin 
the deflection sweeps at the instants that cor- 
respond correctly to the video signal. This is 
needed so that the top left corner of the picture 
will be at the top left of the cathode ray tube, 
as illustrated in Fig. 32-5. The pattern of 
varying brightness is displayed on the face of 
the cathode ray tube by the scanning of the 
electron beam from the tube’s electron gun. 
The video signal is supplied to the control grid 
of the cathode ray tube. The variations in the 
video signal control the intensity of the electron 
beam. Where more electrons strike the face 
of the tube, it is brighter. 

The energy transformations through a tele- 
vision system may be summarized as follows: 


1. Light energy from the scene being televised 
falls on the photosensitive element of the 
camera tube. In the camera tube the light 
energy controls the electrical energy of elec- 
trons flowing in the output circuit. 

2. Through amplifiers this electrical energy is 
able to control larger amounts of electrical 
energy, eventually reaching the modulator. 
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The modulated carrier oscillations in the an- 
tenna produce electromagnetic energy in 
oscillating electric and magnetic fields. 


3. The fields in the electromagnetic wave in- 
duce electric currents in the receiving an- 
tenna—electrical energy. After amplifica- 
tion and detection the electrical energy of 
the video signal is applied to the grid of the 


EXERCISES and PROBLEMS 


A 


1. Suppose that you write a letter to a friend in a 
distant city. Consider the process as the com- 
munication of an idea from your brain to his 
brain. In this process, identify (a) the carrier, 
(b) the signal, (c) the modulating device, (d) the 
detection device. 


2. What is the significance of the term broad- 
casting as used in radio or television by contrast 
with (say) a telephone circuit? 


3. Suppose that you have lost a ten dollar bill in 
a large field. Draw a sketch of the path along 
which you might walk to scan the field if it was 
(a) rectangular, (b) circular, in shape. 


4. The basic principle of radio communication is 
that the shape of a group of waves of one kind is 
successively imposed on other kinds of waves (or 
produces waves in different media) in a series of 
links between the originator in the studio and the 
listener or viewer in the home. Trace, in order, 
the transformations of energy that occur, and 
name the devices involved, throughout the process 
(a) for a musical tone transmitted by radio, 
(b) for a picture transmitted by television. 


B 


5. In what respect is the process of detection of 
a radio signal similar to rectification? 
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cathode ray tube to control the number of 
electrons in the beam. 


4. The impact of electrons on the phosphors 
of the face of the tube causes them to emit 
light in proportion to the number of elec- 
trons that strike. The face of the tube then 
glows with a light pattern that reproduces 
the original scene and its motions. 


6. If there is a 109-c/sec alternating current in 
the plate circuit of a triode vacuum tube, describe 
how that radio frequency carrier could be ampli- 
tude-modulated by an alternating current of 
frequency 10? c/sec in the grid circuit. 


7. What must be the frequency of the oscillator 
that provides the energy to move the electron 
beam in a picture tube back and forth horizontally, 
if 525 trips across the face of the tube occur in 
each !4, sec? 


8. A common type of radio antenna is one half 
wavelength long, connected to the receiving or 
transmitting apparatus at its centre. The length 
of the antenna is such that it resonates with the 
applied signal, in a manner similar to the way 
that an air column resonates with sound waves. 
A half-wave, centre-fed antenna has a current 
antinode at its centre, and a current node at each 
end. 
(a) What should be the length of an antenna 
designed to receive signals on television channel 
Number 35, at a frequency of about 600 
megacycles per second? 
(b) To meet the nodal requirements stated 
above, what is the next highest frequency at 
which the antenna would resonate? 


9, The half-wave antenna of a certain broad- 
casting station has a length of 100 meters. Calcu- 
late the frequency of the station. 


Antenna 


Variable 
capacitor 


Ground 


(a) 


Fig. 32-6. The diagram in (a) illustrates a sim- 
ple circuit that can be tuned to the frequency 
of a broadcasting station. Incident electromag- 
netic waves can induce a small alternating cur- 
rent in the coil. The current produces oppo- 
site charges on the plates of the capacitor. (In 
its simplest form a capacitor consists of two 
large parallel metal plates close together, insu- 
lated from each other.) When the charge 
reaches a maximum it flows back through the 
coil in the opposite direction. When the charge 
on the capacitor is a maximum the energy is 
potential. When the current in the coil is a 
maximum the energy is kinetic. Electrons 
oscillate back and forth through the circuit, 
with their energy being alternately potential 
in the capacitor and kinetic in the coil. The 
physical dimensions of the coil and capacitor 
determine the natural frequency of vibration 
of electrons in the circuit. The natural fre- 
quency can be changed by altering the distance 
between the plates of the capacitor. That is 
what happens when you turn the tuning knob 
on a radio. The radio responds to the broad- 
cast wave that has the same frequency as the 
natural frequency of the tuned circuit. 

The natural frequency of a tuned circuit can 
be demonstrated using the circuit illustrated 
in (b). When the switch makes contact to the 
left the capacitor is charged. Moving the 
switch to the right causes the capacitor to be 
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THE RESONANCE OF TUNED CIRCUITS 


Capacitor ^ Coil 


(b) 


discharged through the coil. If the natural 
frequency of the coil-capacitor circuit is in 
the audible range, a short burst of sound may 
be heard in the speaker. The burst is short 
because energy is rapidly transformed to heat 
in the wires. 

This description of a tuned circuit has many 
similarities with the description of the action 
of a simple pendulum. A pendulum has a 
natural frequency that depends on a physical 
dimension (its length). As a pendulum vibrates 
energy is continuously alternating between po- 
tential and kinetic forms, and is gradually 
transformed to heat because of friction with the 
support and the air. 

The operation of tuning can be described by 
reference to a tuning fork with sliders on its 
arms for changing its natural frequency. Sup- 
pose that a number of sound frequencies are 
directed at the tuning fork. If one of them 
has the same frequency as the natural fre- 
quency of the fork, the fork will resonate with 
the energy in the wave. The fork will not be 
affected by waves of other frequencies. If the 
sliders are now moved, the natural frequency 
of the fork is changed, it will no longer respond 
to the same frequency as before. In the same 
way a tuned radio circuit resonates with the 
energy of radio waves having the same fre- 
quency as its own natural frequency. And its 
natural frequency can be altered to respond 
to any one of many broadcast frequencies. 
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RADIO WAVES AND THE IONOSPHERE 


8 


20 Mc/sec 
Transmitter 


Height above earth (km) 


8 


Electrons 


oO 1% 106 108 1019 101 
Number of particles per cm? 


(a) 
Fig. 32-7. The long distance transmission of 
radio waves is made possible by the action of 
free electrons in the upper atmosphere. Con- 
centrated in a region called the ionosphere 
extending from about 100 to 1000 kilometres 


above the earth's surface, the electrons oscil- 
late at the frequency of incident radio waves. 
This action results in the absorption of energy 
from the electromagnetic wave. The energy 
is then radiated at the same frequency in all 
directions by the electrons. A radio wave 
continues through the ionosphere until all its 
energy is absorbed. At frequencies in the 
range from 1 to 10 Mc/sec no electromagnetic 
energy can escape through the ionosphere—the 
re-radiation by electrons constitutes the "reflec- 
tion" or return of the energy to the surface of 
the earth. Most of the energy that is not 
transferred to ions by collision is returned in a 
direction that conforms to the normal laws of 
reflection. Electrons are less able to absorb 
energy from waves of higher frequency, which 
may penetrate right through the ionosphere. 

The density of electrons in the ionosphere 
(a) is determined from measurements of the 
frequencies of radio waves that are just able 
to penetrate the ionosphere along a path normal 
to the earth's surface (i.e. vertically. Dis- 
tributed around the world are about 100 ob- 
servatories designed to make such measure- 
ments. The data they collect provide valu- 


lonosphere 


able information for the conduct of world-wide 
radio communications. Ordinary communi- 
cation paths strike the ionosphere at large 
angles of incidence (b) and are able to be re- 
ceived at distances up to 3000 miles from the 
transmitter. Several reflections back and forth 
between the earth and the ionosphere enable 
radio signals to be transmitted more than half 
way around the earth. Since the ionospheric 
region appears thicker at oblique incidence, fre- 
quencies as high as 35 Mc/sec may be re- 
flected. 

The ionosphere is produced by the impact 
of radiation from the sun on atoms of nitrogen 
and oxygen in the upper atmosphere. The 
collision of ultraviolet photons with the atoms 
ionizes them. There is a region of maximum 
ionization because at heights above 500 km 
the atmosphere is too rare for the production 
of a great many ions, and below 100 km it is 
so dense that most of the ultraviolet radiation 
has already been absorbed at greater heights. 

The vivid colours of the aurorae (northern 
and southern lights) are produced in polar 
latitudes at ionospheric heights. Ions emitted 
from the sun and trapped in the earth's mag- 
netic field excite atoms of nitrogen and oxygen 
to emit light. These solar ions also influence 
the structure of the ionosphere and produce 
variations in the earth's magnetic field. They 
are emitted from solar flares and from the 
regions of sunspots. 


ELECTRONIC COMMUNICATION 


THE VIDICON CAMERA TUBE 


Fig. 32-8. The three main types of camera 
tube are the iconoscope, the image orthicon, 
and the vidicon. The first two contain a photo- 
sensitive element that emits electrons when light 
strikes it. Such an element is composed of a 
metal with a small work function. The photo- 
sensitive element in a vidicon is a semi-con- 
ducting material (antimony trisulfide) that is 
photoconductive. In the dark it has a high 
resistance, which is lowered when light strikes 
it. The impact of photons supplies energy to 
release electrons from the bonds between posi- 
tive ions. The motion of these electrons re- 
sults in an electric current. 

On the inside of the faceplate of the tube 
there is deposited a thin metallic film (the sig- 
nal electrode) which is quite transparent to 
visible light. The photoconducting material is 
deposited in a thin layer on top of the signal 
electrode. About 20 volts on the signal elec- 
trode keeps the left side (in the diagram) of the 
photoconductor positive. When light falls on 
the photoconductor, electrons are freed in pro- 
portion to the intensity of the light. The elec- 
trons are then attracted to the signal electrode. 

The electron beam is made to scan across the 
back of the photoconductor by the deflection 
coils. The electrons strike the back of the 


photoconductor with relatively low speeds. 
Where electrons have been liberated by the 
incident light, leaving a deficit of electrons, 


the deficit is supplied by electrons from the 
scanning beam. At each instant that the scan- 
ning beam deposits electrons on the photocon- 
ductor an equal charge is released to the sig- 
nal electrode, which is connected to an amplify- 
ing circuit. Thus the output video signal is 
an electrical description in scanning sequence 
of the varying pattern of light intensity over 
the photoconductor. 

The fine mesh screen permits a uniform de- 
celeration of the electrons toward the photo- 
conductor and insures that they strike it nor- 
mally. The low speed of the electrons and the 
nature of the photoconductor ensure a small 
proportion of emitted secondary electrons, 
which would decrease the contrast of the pic- 
ture. 

The most widely used camera tube at present 
(1962) is the image orthicon, which is as sensi- 
tive to light as high speed photographic films. 
Iconoscopes, used mostly for televising old 
movies, are gradually being replaced by vidi- 
cons. Vidicon tubes can be made in very 
small sizes, and are employed in a variety of 
specialized applications, including closed-cir- 
cuit television. 


uel 


EXPLODING ATOMS 


One of the major tasks of science has been, and 
still is, to find the basic material out of which 
the universe is built. Up to the eighteenth 
century, it was held that matter consisted of 
mixtures or compounds of four "elements," 
earth, water, air and fire. In the last half of 
the eighteenth century, however, chemists such 
as Lavoisier (1743-1794) showed that many 
substances could not be broken down into 
smaller units by any of the techniques then 
available. Examples of these substances are 
oxygen, hydrogen, sulfur and iron, and we 
now call such substances elements. Dalton 
proposed during the period 1803 to 1808 that 
there existed indivisible chemical atoms charac- 
teristic of each element, that for any element 
all the atoms are identical in mass, and size, 
and that chemical compounds are made by the 
joining together of the individual atoms of dif- 
ferent elements in pairs, triplets or larger com- 
binations. 


ELEMENTS AND ATOMS 

Compounds of chemical elements can usu- 
ally be split up by giving sufficient energy to 
the compound in the form of heat, light or 
electricity. It was found by Davy in the early 
years of the nineteenth century that the passage 
of an electric current through a molten com- 
pound was a powerful means of obtaining the 
elements forming the compound—one element 
collects on the positive electrode and one on 
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the negative. The method in fact is used as 
the only industrial means of producing alumi- 
num and many other elements. This phe- 
nomenon must be due to the atoms picking up 
or losing electric charge, as in the normal state 
they are electrically neutral and so will not be 
affected by a field. This suggests three things: 
firstly that atomic structure is associated in 
some way with electric charge; secondly that 
if the atom can lose charge it is not in fact 
indivisible, but can lose a part of itself and yet 
retain its main chemical, characteristics; and 
thirdly that if an electric field can break up a 
compound, perhaps the compound is normally 
held together by electrical forces. 

The atomic mass (symbol A) of an element 
is simply the mass of an atom of the element 
measured on a convenient scale. Although 
the most obvious scale might seem to be one 
in which the mass of the lightest atom, that of 
hydrogen, is called one unit, the mass of the 
atom of a certain type of carbon called car- 
bon-12 (an isotope of carbon, see Chapter 36) 
is assigned the exact value 12 units (12 u) and 
serves as the standard. On this scale the 
atomic mass of aluminum, for instance, is 
26.9815 u, and that of hydrogen, 1.00782 u. 

A mass of 1.00782 g of hydrogen is termed 
1 mole of hydrogen atoms. As the actual 
mass of one hydrogen atom is 1.673 x 107% g, 


this means that 1 mole contains FUE 


1.673 x 10-7 


atoms, or 6.02 x 10?* atoms. This number 
is called Avogadro's number, and it is the 
number of atoms in a mole of any element 
(and also the number of molecules in a mole 
of any compound). 

In 1868 Mendeleev arranged in a table the 
known elements in order of their atomic 
masses. In it the elements were placed in rows 
and columns, all the elements in the same 
column having similar chemical properties. 
Because this table underlines the fact that 
chemical properties get repeated at fairly regu- 
lar intervals as the masses of the atoms in- 
crease, it is called the Periodic Table. 

When the elements are thus listed in order 
of increasing atomic mass (A), it is useful to 
number them, hydrogen, 1; helium, 2; lithium, 
3; and so on. The numerical place of an ele- 
ment in the list is called its atomic number 
(symbol Z). We shall find that atomic num- 
ber has a physical significance (Chapter 34). 

Not only chemical properties show a cyclic 
repetition, or periodicity, as one goes up the 
scale of atomic numbers. Many physical prop- 
erties show the same eflect. This is illustrated 
by the graph of the densities of the elements 
at the freezing point of water (0°C) plotted 
against their atomic number (Fig. 33-1). 

To summarize, the 18th and 19th centuries 
provided evidence for the ideas that 
1. Matter is composed of atoms; 

2. All atoms of an element are alike; 

3. Atoms have electrical properties; 

4. Different elements share periodic similarities 
in properties. 


RADIOACTIVE RAYS 


The experiments of J. J. Thomson in 1897, 
discussed in Chapter 30, showed, however, that 
the atoms are not indivisible (as had been sug- 
gested by Dalton). Other experiments carried 
out at about the same time also pointed the 
same way. In 1896 Becquerel found that 
uranium salts emitted radiations of high ener- 
gy which could penetrate paper and cause 
fogging of photographic plates, and the name 
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Fig. 33-1. A graph of the density of the elements at 


0°C shows a periodicity—that is, there is o regulor 
variation of density with increasing atomie number. 


radioactivity was given to this phenomenon. 
Becquerel had in fact been studying the fluo- 
rescence of various minerals (that is, the glow 
or radiation that they emit when illuminated 
by sunlight or other strong lights) and had been 
using photographic plates as detectors of the 
radiation. At a time of little sunshine he had 
stored the uranium mineral with the plates, and 

unexpectedly found the effect described. 
Many heavy elements were found to have 
this property. Mme and Pierre Curie in a 
long series of experiments (1898) separated the 
most active ones and isolated radium (chem- 
ical symbol Ra). It then became possible to 
look at the particular type of radiation emitted 
by different elements. Three main types are 
distinguishable, the alpha (a), beta (8) and 
gamma (y) rays. Gamma rays can penetrate 
matter readily and are undeflected by magnetic 
fields; they are in fact just very energetic x-rays. 
Beta rays are fast-moving electrons. They were 
the penetrating rays observed by Becquerel. 
Alpha rays are easily stopped by matter and 
are positively charged particles, as shown by 
the fact that they are deflected by a magnetic 
field in the direction opposite to that in which 
electrons are deflected (Fig. 33-2). The m/e 
ratio for the o-rays was the same as that of 
doubly charged helium ions. That the a-rays 
were just parts of helium atoms was shown by 
collecting in a discharge tube large numbers of 
the q-rays emitted by a radioactive gas (radon) 
and looking at the spectrum of light given 
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out when an electrical discharge passed throogh 
the tube (Fig. 33-3). The spectrum was char- 
acterintic of helium. 

Now helium i known to be a chemical 
element, and a very inactive one chemically, it 
lightest member of the series of “inert 
gases," the series starting helium, neon, argos 
and krypton. There can be no question of the 
helium being part of a chemical compound 
with the radon, itself indeed being a member of 
this series of inactive gases. The only explano- 
tion is that the radon atom had exploded into 


s 
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explosion is not a chemical process, and in fact 
the energy involved in this explosion is about 
a million times that normally met in chemical 


out if similar transformations take place in 
other radioactive materials. Rutherford, a 
physicist, and Soddy, a chemist, worked to- 
gether at McGill University in Montreal on this 
problem in the years 1898 to 1907 and found 
that this transmutation of elements, as it was 
called, was characteristic of radioactivity. Ura- 
mium, for instance, changes to thorium with 
the emission of an alpha particle. This is 
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(Fig. 33-4). The emission of gamma radiation 
does not involve a transmutation; it is simply 
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Fig. 33-5. If, at the end of each week, 20% of the balance 
in a bank account is removed, the balance will fall with a 
half-life of about 3 weeks. 


a way by which a nucleus can get rid of excess 
energy. 


THE RATE OF RADIOACTIVE DECAY 

We have spoken so far of the fact of radio- 
activity—the fact that some atoms are in such 
a state that they spontaneously disintegrate into 
smaller parts with the emission of energy—but 
no mention has been made of the rate at which 
this emission takes place. All chemical re- 
actions are affected by such things as heat or 
pressure—the hotter the materials are, the 
quicker the reaction proceeds—but this was 
found not to be the case with radioactivity. 
Nothing that could be done to a lump of ura- 
nium would alter the rate at which it emitted 
alpha particles. In fact the number of particles 
shot off in unit time is purely dependent on 
the amount of the uranium that is there. If 
you have only a tenth of the weight of uranium, 
you have only a tenth of the activity, and 
nothing you can do in the way of heating, cool- 
ing, melting or pressurizing the uranium alters 
this rate of decay. Naturally if you start with 
1 gram of uranium, and some of it is turning 
into thorium, the amount of uranium will be 
decreasing with time, and therefore the activity 
of the lump will decrease with time, because it 
is not all pure uranium any more. In fact at all 
times it is found that: 
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The rate of decay is proportional to the amount 
of the radioactive material present. 

To see what this can mean, imagine a situa- 
tion where initially you have $100 in the bank 
and you are told that you can take out 20% of 
what is in the bank at the end of each week. 
At the end of the first week, you would take out 
$20, leaving $80 in the bank. At the end of 
the second week, you would remove 20% of 
$80 or $16, leaving $64 in the bank, and so 
on. The figures for several weeks are shown 
below: 


Week Withdrawn Balance 

(Dollars) (Dollars) 
0 — 100.00 
T 20.00 80.00 
2 16.00 64.00 
3 12.80 51.20 
4 10.24 40.96 
5 8.19 32771 
6 6.55 2622 
7 5.24 20.98 
8 4.19 16.79 
9 3.36 13.43 
10 2.69 10.74 
20 0.29 1.16 
21 0.23 0.93 
22 0.18 0.75 
30 0.03 0.13 


A graph of these results is drawn in Fig. 
33-5. Several conclusions can be drawn from 
the table and graph. First of all, the balance 
fell to half the initial $100 in just over 3 weeks, 
to half of this again in just over 6 weeks, and 
to half of this again, that is to $12.50, in just 
over 9 weeks. Thus a time of the order of 
three weeks can be taken as the half-life of the 
balance, the time in which any balance is re- 
duced by a factor of two. In a period of 6 
weeks the balance is reduced to 14 x % of its 
original value, in 3 half-lives to 15 x %4 x V5 
or (12)?. After slightly more than 21 weeks, 
that is 7 half-lives, we would expect it to be 
reduced to (15)* or Yo, = 0.0078 of the origi- 
nal, and in fact we see that after 21 weeks there 
is just a little more than 78 cents left in the 


bank. Secondly, the rate of withdrawal goes 
down with time in just exactly the same ratio 
as does the balance. Twenty-one weeks after 
the first withdrawal (of $20) the withdrawal 
is only 18 cents, just slightly more than 
$20 x (15)*, or 16¢. 

In general, the rate of withdrawal is propor- 
tional to the amount of money left in the bank. 
As this is the same type of law as was found 
to be true for radioactive materials, we should 
expect that a radioactive substance would ex- 
hibit the same type of decay, characterized by 
a half-life, and could be represented by a graph 
of the same shape. This is indeed the case, 
except for the slight difference that the radio- 
active decay of a large number of atoms is a 
continuous process, whereas we had assumed 
that money was only taken out at the end of 
each week. In the radioactive series headed by 
uranium for instance (Fig. 33-4), the first 
member of the series, uranium, has a half-life 
of 4.5 billion years. Radium (Ra) has a half- 
life of 1620 years and radon (Rn) one of 3.8 
days. Fig. 33-6 shows the decay of radium as 
it varies with time. 

We arbitrarily stated a constant of propor- 
tionality in the money case—20% is removed 
each week. This could be called the decay 
constant of the money. Similarly there is a 
radioactive decay constant which for each 
radioactive substance is predetermined; it is 
a unique characteristic of the particular mate- 
rial The larger this constant, the shorter is 
the half-life of the material. 

The activity of a specimen can be expressed 
in terms of the number of disintegrations per 
unit time, that is, on the number of atoms which 
break up by radioactive decay in unit time. 
Another unit commonly employed is the curie, 
which is equal to a rate of disintegration of 
3.7 x 101? disintegrations/sec. Smaller units, 
subdivisions of the curie, are also used. For 
instance, the picocurie is equal to a rate of dis- 
integration of 0.037 disintegrations/sec, that 
is, 2.2 disintegrations/minute. 

The conclusion reached in the first part of 
this chapter plus the evidence of radioactivity 
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Fig. 33-6. The radioactive nucleus radium-226 has a 
half-life of 1620 years. After this time its original activity 
is halved, and after 3240 years the activity is just a 
quarter of the original activity. 


played important parts in guiding scientists to 
a fuller understanding of the structure of atoms. 
No one piece of evidence unlocked the secrets 
of the atom, but a large number of experi- 
mental observations and theoretical deductions 
combined to give us the picture of the atom as 
we know it today. 

In the following chapters the development 
of our present concept of the atom is further 
discussed. It would, however, be a pity to close 
this chapter without taking a brief look at two 
useful and interesting side-issues from radio- 
activity. These are'carbon-14 dating and geo- 
lógical dating. 


CARBON DATING 


Carbon-14 is a type of carbon atom (or an iso- 
tope of carbon as it is called) which is continuous- 
ly produced by the action of cosmic radiation on 
the nitrogen of the air, and which is radioactive 
with a half-life of 5600 years. Living plants 
absorb carbon-14 in the form of carbon dioxide 
from the air, along with the more ordinary carbon- 
12, both being used in the process of photosyn- 
thesis. As a result all living material is slightly 
radioactive, and 1 gram of carbon from living 
organic material has an activity of 16 disintegra- 
tions per minute. After a plant dies no more 
carbon-14 is absorbed, and the amount in the 
plant gradually decreases with the characteristic 
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Fig. 33-7. Each gram of carbon in living organic material 
has an activity of 16 disintegrations per minute, but once 
the organism dies the activity should decrease with the 
half-life of carbon-14, 5600 years. The activity of various 
specimens of known age is shown above, superimposed 
on a curve of the expected value at any time. 


half-life of this isotope. Thus 1 gram of carbon 
produced 5600 years ago has now an activity of 
8 disintegrations per minute, and so on. The 
activity of such a specimen when the weight of 


carbon in it is measured can therefore be used 
" 
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to date the sample. Examples of specimens whose 
history is known and whose activities have been 
measured are shown on the graph in Fig. 33-7. 


GEOLOGICAL DATING 


As many rocks contain uranium, which decays 
to lead after a series of disintegrations, it is 
possible to date the time of formation of rocks 
by comparing the amounts of uranium and lead 
of radioactive origin in them. In particular, one 
form of uranium (uranium-238) has a half-life of 
4500 million years and decays finally to a form of 
lead (lead-206). In some granite rocks of the 
Canadian Shield from the vicinity of Tory Hill, 
Ontario, for instance, the ratio of the number of 
atoms of lead-206 to the number of atoms of 
uranium-238 is 1:5.9; that is, about one-sixth of 
the uranium has decayed since the formation of 
the granite. Clearly this rock has been in place 
much less than a time equal to one half-life. 
Doing the necessary calculation gives the answer 
that the rock was formed 1020 x 109 years ago, 
that is, over a thousand million years ago. Such 
measurements have been of the greatest value in 
telling us about the history of our earth, and, by 
analogy, the probable history of other planets in 
the solar system. 


RCISES and PROBLEM 


A 


1. It has been found that 3.7 x 101° radium nuclei 
disintegrate each second in a piece of radium of 
mass 1 gram. How many disintegrations will 
Occur per second in a piece of mass 0.2 grams? 
What is the activity of this smaller piece in curies? 
2. The half-life of radium is 1620 years. Using 
the data from Question 1, in 1620 years what will 
be the activity in curies of the radium in the piece 
which is currently 0.2 grams? In 3240 years? 
In 6480 years? What will be the mass of radium 
in the piece after 6480 years? 

3. Use an encyclopedia to learn more about the 
lives of (i) Pierre and Mme Curie, (ii) Rutherford 
and (iii) Soddy, and write a few sentences on each. 
4. The natural radioactivity of the air, due to 
radon gas normally present, is about 100 pico- 
curies per cubic metre of air. Express this in 
terms of (a) disintegrations per second per cubic 
metre, (b) disintegrations per minute per cubic 
metre, (c) disintegrations per minute per cubic 
centimetre. 

5. A certain specimen of charcoal found in the 
buried remains of a wood fire was found to have 
a radioactivity due to carbon-14 of 13 disinte- 
grations per minute per gram of carbon. How 
old is the charcoal? (You may find it helpful to 
use Fig. 33-5.) 

6. A sample of wood from an ancient tomb is 
thought to be 8000 years old. What carbon-14 
activity would you expect it to have? What 
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activity would you expect if the age was thought 
to be 13 000 years old? 


B 


7. Certain forms of the following elements are 
radioactive and emit alpha particles. Using the 
Periodic Table in the Appendix determine to 
which elements they are transmuted: 

(a) uranium (b) radium (c) samarium (atomic 
number — 62) (d) thorium. 

8. Certain forms of the following elements are 
beta-active, emitting negative electrons. Deter- 
mine to which elements they are transmuted: 
(a) potassium (b) lead (c) strontium (d) carbon. 
9. Using the analogy discussed in the text of the 
withdrawal of money from a bank, find approxi- 
mate values for the half-life of the bank balance 
when at the end of each week the following 
percentages of the remaining balance are removed: 
(a) 10% (b) 15% (c) 30% (d) 50%. 

10. Using the analogy of the withdrawal of money 
from a bank, find approximate values of the half- 
life of the bank balance when (a) 10% (b) 20% 
(c) 30% (d) 50% of the remaining balance is 
removed at the end of each 2 weeks. 

11. Using the bank-balance analogy, find the 
approximate percentages of the remaining balance 
removed each week if the half-life of the balance 
is (a) 1 week (b) 2 weeks (c) 4 weeks. 

12. How can you distinguish between alpha, beta 
and gamma rays using a strong electric field? 


347 


Shed 


THE NUCLEAR ATOM 


The experiments of J. J. Thomson on the effects 
observed when electricity passed through a gas 
at low pressure showed that the atom consisted 
of heavy positive and light negative parts, the 
latter being electrons. The next question con- 
cerns how these positive and negative parts are 
fitted together to make the atom. It is clear 
that as the atom is normally electrically neutral, 
there must be equal positive and negative 
charges. It is also evident that the arrange- 
ment must be stable, as most atoms show no 
sign of breaking up under normal conditions. 


Fig. 34-1. If it is assumed that an electron circles a 
nucleus, its direction must continually be changing. This 
change constitutes an acceleration. Since accelerated 
charges radiate energy, we would expect the electron 
to lose energy rapidly. 
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ATOMIC MODELS 


Two possible ways of uniting the parts of the 
atom achieved prominence, though others were 
suggested in the early years of this century. One 
of these two is the concentration of all the 
heavy positively charged particles into a core or 
nucleus at the centre of the atom, with the elec- 
trons in orbit around this nucleus, like planets 
around the sun. This picture has the advan- 
tage that some of the electrons will be less 
tightly bound than others and so it will be 
possible to remove one electron with compara- 
tive ease, two with more difficulty, and so on, in 
agreement with the observed facts. For mech- 
anical stability it is necessary for the electrons to 
be rotating round the nucleus, an electric attrac- 
tion between the positive and negative parts 
taking the place of the gravitational attraction 
that exists for instance between the sun and 
the planets. 

This nuclear atom model, as it is called, 
suffers from the important defect that by the 
very nature of rotation the electric charges 
keep changing their direction. In Fig. 34-1 at 
point A they are going downwards and at point 
B upwards; this change of direction, which is 
an acceleration, causes the charges to radiate 
energy. It may help you to believe this if you 
remember that if you decelerate your hand by 
hitting it on a desk, you get a sound, which is 
a radiation of mechanical energy; when elec- 
trical charges change their direction, they radi- 
ate electrical energy. It is easy to calculate 


Uniformly distributed Negative electrons 


positive charge 


Fig. 34-2. Thomson pictured the atom as consisting of a 
uniformly distributed sea of positive charge with negative 
electrons floating in the sea. 


the rate of loss of energy, and it would appear 
that the electrons would lose all their energy 
and collapse onto the nucleus in a matter of 
10-3 seconds. This is clearly absurd, for, as 
was pointed out, the atoms are normally stable. 

For this and other reasons J. J. Thomson 


THE NUCLEAR ATOM 


favoured a model of the atom in which the 
positive charge was spread over the whole vol- 
ume of the atom, and the electrons distributed 
throughout the positive charge. This “Thom- 
son atom" is drawn in Fig. 34-2. As it is 
known that atoms do radiate energy if excited 
(an electric light is a simple example of such 
a radiation process), Thomson had to assume 
that the electrons could oscillate about their 
mean positions if disturbed in some way. 


DISCOVERY OF THE NUCLEUS 


A test of the correctness of the two pictures 
was made in the years about 1910 by Ruther- 
ford and his colleagues. As a probe to see 
what was inside the atom he used the ao-par- 
ticles that were shot out of radioactive nuclei. 
First of all he found that the a-particles could 
pass through atoms, which would suggest that 
as seen from a microscopic point of view the 
atom is not a continuous thing, but is porous. 
In these experiments he used thin foils of gold 
9 x 10-® cm thick. In such a thickness of 
gold foil there are 160 layers of atoms, all 
closely packed together, and yet most of the 
a-particles passed through the foil undeflected. 


(a) 


Fig. 34-3. On the Thomson model of the atom (a), incident 


alpha particles would suffer a lerge number of small 


(b) 


deflections, whereas in the nuclear model (b), a small 


number of large deflections would be expected. 
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Fig. 34-4. 
particles, Rutherford used an apparatus in which alpha 


In order to investigate the scattering of alpha 


particles from a source could hit a thin metal foil. Any 
particles deflected in the right direction hit a zinc sulfide 
screen, giving a flash of light which could be seen using 
a microscope. 


Some alpha particles were, however, deflected 
by making collisions with the electrical charges 
in the atom. If the Thomson model were cor- 
rect, with a uniform positive charge and light 
negative charges distributed throughout the vol- 
ume of the atom, it would be expected that the 
heavy alpha particles would make relatively 
small angle collisions with the atoms as in Fig. 
34-3(a), in the same way that a big football 
player could charge through a line of small boys 
without much effect on his direction of motion. 
But if the nuclear model were right, there would 
be a small chance that the q-particle would 
collide with a body as heavy as or heavier than 
itself, and in this case it might be deflected from 
its path by a large angle as in Fig. 34-3(b). 
The test then was to see if the o-particles were 
deflected through large angles or not. 

The apparatus available in Rutherford's 
laboratory at that time was relatively primitive 
—the only way of “seeing” the o-particles was 
by the flash of light they gave when they hit a 
zinc sulfide screen—the light given out by 
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a luminous dial wrist watch is due to about 
37 000 o-particles hitting such a screen every 
second. Two of Rutherford's students sat for 
hours at a time in a darkened room counting 
the scintillations on a screen (Fig. 34-4) and 
they found that from a piece of platinum or 
gold about 1 in 8000 of the incident alpha 
particles were scattered by angles of more 
than 90°. 

This result made the Thomson atom un- 
tenable, and the nuclear atom was accepted 
as a more correct picture. Actually the 
Rutherford scattering experiment does not tell 
whether the nucleus is positive or negative in 
charge, simply that it is charged and heavy. 
Combining this with Thomson’s results that the 
electrons were much lighter than the positive 
particles, however, tells us that indeed the nu- 
cleus contains all the positive charge and most 
of the mass of the atoms. The electrons are 
then thought of as rotating round this positive 
core. 

Using an instrument called a cloud cham- 
ber, it is possible to see the track of an alpha 
particle going through a gas. The photograph 
in Fig. 34-5 shows an a-ray deflected by a 
chlorine nucleus. 

Another piece of information that is obtained 
from scattering experiments as described above 
is an idea of the size of the nucleus. This 
depends upon the particular atom measured, 
but for a typical element the nucleus has a 
radius of about 5 x 10-13 cm and a volume of 
about 5 x 10-87 cm’. This is very small 
compared with the size of the atom, the radius 
of which is usually of the order 10-8 cm. 

The reason that most of the alpha particles in 
Rutherford's experiments went right through 
the foil is now clear; as the cross-section area, 
7 r°, of the nucleus is only 25 x 10-9 times 
that of the atom [z(5 x 10—13)2/5(10—5)?], 
it is extremely unlikely that an alpha particle 
will come anywhere near the nucleus and be 
deflected by it. The relation between the 
sizes of the atom and the nucleus can be illus- 
trated by considering what would happen if 
the atom were magnified so that the nucleus 
had the size of a pea. An alpha particle would 


Fig. 34-5. The passage of alpha particles through chlorine. 
Cloud chamber pictures show that usually alpha particles 
do not get deflected at all while passing through matter, 
but occasionally, as shown here, a large angle scatter 
takes place. 


also be the size of a pea but the atom itself 
would be about 900 feet across. The chance 
of hitting a pea by throwing another one at 
random into a large football stadium is very 
small. 

The density of the nucleus is extremely high, 
as almost all the mass of atom (over 99.9% ) 
is concentrated in the very small nuclear vol- 
ume. The density of nuclear matter in fact 
is of the order of 10^ g/cm? as we see above 
from the relative sizes of the atom and the 
nucleus. 

From the alpha scattering experiments we 
can also find the charge on the nucleus—the 
probability that a large angle scattering will 
occur varies directly as the square of the 
charge on the nucleus. The experiments 
showed that the nuclear charge varies directly 
as the atomic number of the elements. In 
fact, it has been found that the charge on a 
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nucleus is Ze, where Z is the atomic number 
of the element and e is the elementary electric 
charge. Thus the nuclear charge is le for 
hydrogen, 2e for helium, 8e for oxygen, 92e 
for uranium and so on. For the lighter nuclei, 
the atomic number (Z) is usually about half 
the atomic mass (A). 


ELECTRONS IN ORBIT 


Despite the necessity for accepting the nuclear 
model of the atom because of the results of 
the alpha scattering experiments, the problem 
mentioned earlier about the radiation expected 
from the orbiting electrons still existed. In order 
to get around this difficulty, Niels Bohr (1885- 
1962) postulated in 1913 that certain allowed 
orbits exist in which electrons would not 
radiate, in which they could circle for ever 
without losing energy. This postulate ensured 
the stability of the atom. The orbits had also 
to satisfy the normal classical laws of rota- 
tional motion. 

The fact that atoms do radiate under certain 
conditions is covered by a further postulate 
that an electron can jump from one of the 
allowed orbits to another with the absorption 
or emission of energy. In the solar system, an 
equivalent postulate would say that the only 
allowed transitions are those from the orbit of 
one planet to the orbit of another. Neglecting 
air resistance and so on, the trip from one 
planet to another nearer the sun results in the 
release of (gravitational) energy, and the re- 
verse trip requires the using up or absorption 
of energy. 

Working out the radii of the allowed orbits 
for the single orbiting electron of a hydrogen 
atom, it is found that they are given by the 
formula 

n =e xO Dom LOSSicm, 


in which n can take the values 1, 2, 3, 4, etc. 
Corresponding to each of these integers n there 
is an allowed orbit of radius r,. The smallest 
allowed value of n, n = 1, gives a value of r 
which you will see is the same order of magni- 
tude as the radius of the atom which we quoted 
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108 cm 


n=1 
(K orbit) 


=z 
(L orbit) 


Nucleus 
(not to scale) 


before. Drawings of the Bohr orbits for hydro- 
gen are given in Fig. 34-6. It is clear from 
the formula for r, that the radii must bear to 
each other the ratios of the squares of the 
natural numbers, 1, 4, 9, 16 and so on, and 
this is shown on the diagram. Radiative tran- 
sitions between different levels are shown by 
the arrows, and correspond to the jumping of 
an electron from one level to another. 

To each of these orbits corresponds a par- 
ticular energy, the lowest energy orbit being 
that with n = 1, nearest the nucleus. It is 


Energy of 
the electron 


in 
Bohr orbits 
of hydrogen 


Fig. 34-6. The radii of the 
Bohr orbits of hydrogen 
have the values r, = z? X 
0.53 X 10-8 cm where 
n=, 2, 3 etc. 


n=3 
(M orbit) 


found that the energies E, of the various orbits 
are given by E, = —constant/n?. Thus the 
energies of the succeeding orbits are in inverse 
proportion to the square of the natural num- 
bers. As the energies associated with the 
Orbits, and more particularly the energy dif- 
ference between different orbits, are of the 
greatest importance, it is common to draw 
energy level diagrams as shown in Fig. 34-7. 
Each level represents the energy associated 
with an electron in a particular orbit, and 
from the diagram we can read off the energy 


Fig. 34-7. The energies of 
the electrons in the Bohr 
orbits of hydrogen have 
values E, = —E,/n? where 
n — 1,2, 3 etc. These values 
can be shown in the form of 
a condensed "energy level 
diagram," but a more ex- 
tended diagram can show 
how the energy varies with 
the radius of the orbit. 


8 10 12x 108 


Radius of the orbit (cm) 
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Fig. 34-8. Electrons round 
an atom are thought to 
take the form of zones of 
charge round the nucleus. 
The distances of the zones 
from the nucleus are given 
by the values of the Bohr 
orbits. 


of any transition by measuring the length of 
the arrow joining the two levels under con- 
sideration. It will be seen that the levels get 
closer and closer together as n becomes larger. 
Finally the separate levels are indistinguish- 
able and merge into a continuum of levels. 
For convenience, we take the energy of the 
electron as zero when it is a long way from the 
nucleus, that is when n — infinity. 

You will see that the difference in energy 
between a level with n — 1 and one with n — 2 


is 

PISA) 
i mar 
and that the difference in energy between levels 
1 and 3 is 

(1 1 

4-4 

There are, in fact, a whole series of energy 
level differences which are proportional to 
(54, Ch = 4, Che] ano So en: 
These diflerences in energy mean that if an 
electron falls from the second, third or fourth 
energy levels to the first level, energies propor- 
tional to (1— 34), (1.— 16) and (1 — Ye). 
respectively, will be emitted by the atom. It 
was the realization that the energies of different 
lines in the spectrum of light emitted by hydro- 
gen were related to each other by just such 
series that led to the Bohr picture of the atom. 
We have spoken only of electrons falling to- 

wards the lowest energy level with the emission 
of energy, but the reverse process, in which an 
electron absorbs energy and rises up the energy 


— constant x 


— constant x 


ATOM 
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level diagram to a higher orbit is also possible. 
Such a process is called excitation of the atom, 
and normally it is followed after a very short 
interval by emission of energy as the electron 
falls back. If the electron in one of the levels 
is given energy greater than that necessary to 
raise it to the continuum (the levels with high 
values of n), then it escapes entirely from the 
atom and becomes a free electron. The atom 
has now a net positive charge and is in fact 
anion. The process is therefore called ioniza- 
tion, and the least energy required to cause this 
is the ionization energy. 

Modern theories on matter have caused the 
abandonment of the idea that there are, in 
fact, particles going round a nucleus in .fixed 
orbits, though the Bohr model still has great 
usefulness for grasping what happens in most 
atomic phenomena. It is now thought that 
although the positive charge is concentrated 
in the nucleus, the negative charge is smeared 
throughout a volume, and the order of magni- 
tude of the radius of this volume is given by 
the Bohr radii. Pictures of possible configu- 
rations of this charge are given in Fig. 34-8. 

The use of a model such as the Bohr atom 
is a very common one in physics. We do not 
believe that the atom really looks like this, but 
it acts as an aid to thought, and when it has 
served its turn it is respectfully returned to 
store, perhaps to be brought out again in some 
slightly different form when a new problem 
arises. 

To summarize, it is useful to picture the 
atom as having at its centre a dense, positively 
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charged nucleus, of radius about 5 x 10-13 
cm, surrounded by negative electrons, whose 
distances from the nucleus are about 10-8 cm. 
The electrons may be pictured as being allowed 


EXERCISES and PROBLEMS | 


A 


1. Hydrogen can be frozen solid if it is cooled 
sufficiently. Assuming that in solid hydrogen the 
atoms are very closely packed, estimate the dis- 
tance between atoms which are in their lowest 
energy state, that is, with n — 1. 


2. How thick must a layer of solid hydrogen be 
which is composed of one million atoms piled on 
top of each other? Use the results of Question 
1 and express the answer in centimetres. 


3. How many times larger than the diameter of 
an atom is a man whose height is 2 metres? 

(a) 10? times? (c) 101° times? 

(b) 109 times? (d) 10!* times? 


4. How many times smaller than the diameter of 
the sun (14 x 1019 cm) is a man whose height is 
2 metres? 

(a) 7 times? (c) 7 x 108 times? 

(b) 7 x 10* times? (d) 7 x 1012 times? 


5. How many times smaller than the diameter of 
an atom is the diameter of a nucleus? 
(a) 10 times? (c) 10? times? 
(b) 105 times? (d) 1013 times? 


6. The lowest energy level of the hydrogen atom 
has n — 1 and an energy of — 13.6 units (the units 
are actually electron-volts). In these energy units, 
what is the energy of the levels with n — 2,n= 
3,n=4andn= 10? 


7. Using the results of Question 6, calculate the 
energy emitted when an electron jumps from level 
n = 3 to level n = 2, and from level n — 4 to 
n= 2. It is of interest that the colours of the 
light emitted in these jumps are red and blue- 
green, respectively. 


8. Using the results of Question 6, calculate the 
energy emitted when an electron jumps from 
level n = 3 to level n = 1. (This jump gives rise 
to ultraviolet light.) 


9. What energy is required to ionize the hydrogen 
atom? Use the facts that the single electron in 
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only in certain orbits, which have definite 
energies associated with them. Jumps be- 
tween these orbits require the absorption or 
emission of radiation. 


the hydrogen atom is normally in the n — 1 level, 
and that the energy of this level is — 13.6 eV. 


10. If possible, look at the dial of a radium dial 
wrist watch (the weaker the luminosity the better) 
using a microscope and see if you can observe the 
individual flashes of light produced by single o- 
rays. 


11. Calculate the radii of the Bohr orbits for 
hydrogen atoms which have n — 2, n — 3 and 
a= 10, 


12. Use an encyclopedia to learn something of 
the life of Niels Bohr, and write a few sentences 
on this subject. 


13. You are told that there is a certain mass of 
glass on the top of a table, but not told if the glass 
is in the form of marbles randomly distributed on 
the surface or in the form of one large piece of 
glass in the centre of the table. Given some more 
marbles which you can roll along the table, 
Suggest a means by which you can find how the 
glass is distributed. Assume that you can neither 
see nor touch the glass on the top of the table. 


14. In order to probe the nucleus, Rutherford had 
to use a tool, the alpha particle, which was of 
nuclear dimensions. Give three examples taken 
from everyday life of cases in which this use of 
the correct size of probe is illustrated, e.g. the size 
of a dentist’s drill compared with a cavity in a 
tooth, 


15. It is found that the radii of most atomic 
nuclei is given in centimetres by the formula 
r= 1.2 x 10-18 54/4/, where 3,\/ A is the 
cube root of the atomic mass A. Thus for cop- 
per, 4 = 64 and V/A = 4, and so r= 4.8 x 
10-15 cm. Calculate the radii of the nuclei with 
A equal to (a) 27 (b) 125 (c) 216. 


16. As the volume of a sphere of radius r is given 
by V = 4% m r3, the volume of a spherical nucleus 
is Yx(1.2 x 10-18)8 A cm3, Calculate the 
density of nuclei with A equal to (a) 27, (b) 125 
and (c) 216, in atomic mass units per cm? and 
kg/ m?. One atomic mass unit = 1.66 x 10-27 kg. 
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ELECTRONS IN ATOMS 


The Bohr theory of the atom assigns allowed 
orbits to an electron moving around the posi- 
tively charged central nucleus. Atoms having 
a nuclear charge Ze (where Z is the atomic 
number) must be orbited by Z electrons in 
order to be neutral. The Bohr theory seemed 
to provide an attractive basis for describing 
the structure of all atoms. But in atoms having 
a large nuclear charge, how are the electrons 
arranged around the nucleus? This chapter 
considers the evidence on this subject, and its 
consequences. 


IONIZATION ENERGY 

Since a system tends towards the lowest possible 
energy state, it might be supposed that all elec- 
trons in an atom would occupy the nearest-in 
orbit (with n — 1). Before agreeing to this, 
it is necessary to examine any relevant experi- 
mental evidence. In Fig. 35-1, the ionization 
energy, the energy required to remove an elec- 
tron from an atom, is plotted against the atomic 
number of the atoms. It is quite clear that 
there is not a smooth variation of ionization 
energy with atomic number. A smooth vari- 
ation would be expected if every electron went 
into the same orbit, merely making a slight 
alteration to the energy of the orbit as it did so. 
Instead we see very marked breaks between 
the adjoining elements helium (He) and lithium 
(Li), and between neon (Ne) and sodium 
(Na), although between these discontinui- 


ties the ionization energies do vary relatively 
smoothly with the nuclear charge Z. The ele- 
ments at the lowest points of the graph, lith- 
ium (Li), sodium (Na), and potassium (K), 
all have very similar properties, both chem- 
ically and physically; for example, they are 
all very reactive, light metals. Similarly all 
the elements that have the highest ionization 


25 He 


20 


15 
cl 


10 


lonization energy 
(electron-volts) 


Li Na K 


0 


20 


Atomic number (position in the Periodic Table) 


0 5 10 15 


Fig. 35-1. The energy needed to remove an electron 
from an atom, called the ionization energy, shows a 
periodic variation with increasing atomic number. The 
inert gases have the highest ionization energies, the 
alkali metals, lithium, sodium and potassium, the lowest. 
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energies are the inert gases—helium (He), 
neon (Ne) and argon (Ar). Highly active 
gases such as fluorine (F) and chlorine (Cl), 
which combine with hydrogen to form acids, 
all occupy places on the graph just to the left 
of the inert gases. 

There is thus a periodic variation in the ion- 
ization energies, as shown in the pattern of 
the ionization energy rising with the atomic 
number then falling to a low value, which is 
clearly related to the periodic nature of the 
chemical and physical properties of the ele- 
ments as illustrated by the few examples above. 

Mendeleev in 1868 classified the known ele- 
ments and showed that there was a regular 
family resemblance between groups of ele- 
ments when listed in order of their atomic 
masses. The second element (helium, chem- 
ical symbol, He) is similar to the 10th (neon, 
Ne), the 18th (argon, Ar), and the 36th 
(krypton, Kr). The third element (lithium, 
Li) is similar to the 11th (sodium, Na), the 
19th (potassium, K), and the 37th (rubidium, 
Rb). The fourth (beryllium, Be) is similar to 
the 12th (magnesium, Mg), the 20th (calcium, 
Ca) and the 38th (strontium, Sr). This list 
could be greatly extended. 

You will note that in the first list the differ- 
ences in the numbers are 8, 8, 18, and these 
differences are the same in the other lists. 
Taking the first list (that of the inert gases) 
rather further, and including xenon and radon, 
we find that these very stable elements occupy 
the 2nd, 10th, 18th, 36th, 54th and 86th po- 
sitions in the Periodic Table of the elements. 
It excited scientists’ interests to note that 


22.012 
10- 2= 8=2x 22 
18—10- 8=2 x 2? 


36 — 18 = 18 = 2 x 32 

54 — 36 = 18 = 2 x 3? 

86 — 54 = 32 = 2 x 4? 
Thus the position of the heaviest inert gas 
in the Periodic Table can be expressed by 
2(1* + 2? + 2? + 3? + 3? + 4?) and the posi- 
tions of lighter elements of this series can be 
found by cutting off the series earlier; for in- 
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stance, the position of argon is 2(1? + 2? + 2?) 
= 18. 

Now simple rules or formulae like the one 
above do not occur by accident. It would 
seem that inherent in the structure of the atom 
is something which produces a periodicity of 
properties, or, putting it another way, there 
must be a repetition of particular character- 
istics of atomic structure matched to the repe- 
tition of particular characteristics of the physi- 
cal and chemical properties of the elements. 


ELECTRON SHELLS 


On the theory of atomic structure developed 
from the Bohr picture of the hydrogen atom, 
this regularity is achieved by the principle that 
only a limited number of electrons can be in 
any one allowed orbit, and that when a full 
complement of electrons is in such an orbit 
the structure is very stable. An analogy may 
help in the understanding of this model. Con- 
sider a theatre with seats for the customers in 
rows in front of the stage. If all the seats are 
equally priced, the first person will occupy a 
lone seat in the front row so that he will get a 
good view of the actors, and then others will 
come in and fill up the front row until all the 
available places there are taken. Then the 
next person will occupy a lone position in the 
second row. Once again the row will fill with 
more people until it too is full, after which the 
next person will occupy a lone position in the 
third row. By having only limited accommo- 
dation in the various rows, and by filling up 
the seats one by one, a regularity in character 
is achieved—every so often there is a single 
person sitting outside a filled row, every so 
often there is a row with just one unfilled space, 
and so on. This analogy does not give the 
idea of stability of the filled row structure, 
though indeed there is no doubt that when 
everyone is in his place things grow much 
quieter! 

The first row or "shell" of the atom, labelled 
the K shell, has places for two electrons in it 
(Fig. 35-2). These places are occupied by 


the electrons in hydrogen and helium and the 
“filled row" or “closed shell" structure of 
helium accounts for its chemical stability. We 
thus consider that for helium there are two 
electrons in the orbit of smallest radius. Lith- 
ium, the third element, has a charge of three 
units on its nucleus, and therefore must have 
three electrons in orbit round the nucleus in 
order that the atom as a whole will be electric- 
ally neutral. As the K shell is full, this third 
electron must occupy a space in the n = 2 orbit, 
called the L shell of the atom. For each step 
up the Periodic Table, one more electron has 
to be fitted in, and with neon there are eight elec- 
trons in the L shell (plus two in the K shell). 
Eight is the maximum that the L shell can hold, 
and therefore neon has a closed shell structure, 
giving it great chemical stability and a high 
ionization energy. The eleventh atom, sodium, 
once more has an electron by itself outside a 
closed shell, and thus is in a similar position 
to lithium in its electronic structure. This 
structural similarity produces the chemical simi- 
larity of sodium and lithium and indeed of 
potassium, rubidium and cesium, all of which 
have one electron outside a closed shell. 

So far the build-up of the atoms has been 
simple—the K shell has 2 x 12 electrons in it, 
and the L shell has 2 x 2? electrons in it. We 
might expect that the next shell, the M shell, 
corresponding to an orbital radius with n — 3, 
would have 2 x 3? electrons in it. In that 
case we would expect the next inert gas after 
neon to have a total of 2(1? + 2? + 32) = 28 
electrons, and thus to occupy the 28th position 
in the table. Actually the next inert gas, argon, 
has a charge on the nucleus of 18, and therefore 
18 electrons. This can be explained by carry- 
ing our analogy of the theatre seats farther. 

We had considered that all seats had the 
same price (in the atomic case, that all elec- 
tron positions had the same energy). Let us 
imagine instead that the K seats are in a single 
row at one price, the L seats in two rows both 
at a lower price, the M seats in three rows all at 
a still lower price, and the next group, the N 
seats, in four rows all at one price which is, how- 
ever, less than that for the M seats (Fig. 35-3). 
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Stage r. 


Fig. 35-2. |f all theatre seats have the same price the 
order of filling them will be such that the first people 
take the seats nearest the stage, the centre of attraction. 
The numbering of the chairs suggests the order of seating. 
Analogously, in the building of the electronic structure of 
the atom, the first electrons will be nearest the nucleus, 
the centre of electrostatic attraction. 


Those customers who would normally be seated 
in the 3rd row of the M seats may decide that 
they would see almost as well and pay less if 
they went into the first row of the N’s. There- 
fore two rows of M’s will be filled up first (in 
the atomic case, eight positions of the Periodic 
Table, up to argon) and then some seats in the 
N's, after which the vacant seats in the M's 
will be filled. Therefore the stability of argon 


In this theatre the seats are not all equally 


Fig. 35-3. 
priced — K seats are dearer than L seats, L than M, M 


than N, etc. Person number 19 (potassium) prefers the 
cheaper N seat to one in the M row. 
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K 
L 
M 
13 14 15 16 17 18 
S Cl Ar 
N 


31 32 33 34 35 36 
Ga Ge As Se Br Kr 


Fig. 35-4. In this section of the Periodic Table Elements 
19 and 20 go into the N orbit rather than into the last 
row of the M's. Elements 21 to 30 fill up the M shell. The 
full table is in the Appendix. 


is due to the filling of two of the “sub-shells” of 
| the M orbit. In the case of krypton, the inert 
gas in position 36 of the Table, the spaces in 
the M's have all been filled, and two rows of 
the N's also. The position of Kr can therefore 
be written as 
36 = 2[I(K) + 2?(L) + 32(M) + 2?(N)] 
= 2[I? + 2? 4 22 + 32] 
with still more space in the N shell left to be 
filled. A chart of the lower part of the Peri- 
odic Table is given in Fig. 35-4 to illustrate 
these points, and a full chart of the Table is 
given in the Appendix. 

The radii of the electron shells of an atom 
depend on the nuclear charge (Ze). Con- 
sider one electron near an oxygen nucleus. 
Since the nuclear charge is eight times that for 
hydrogen (as oxygen has Z — 8), the electron 
is attracted by a force eight times as great and 
its orbit is one-eighth of that for hydrogen. 
In fact, the innermost shell for any atom has 


a radius equal to 5 x the radius of the orbit 


of an electron in a hydrogen atom. That is, 
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0.53 x 10-8 cm 
ao 
Therefore for oxygen, where Z = 8, the radius 
of the innermost orbit 
0.53 x 10-8 cm 

= ay et oa eens 

= 6.6 x 10-19 cm, 
The radii of the outer orbits are of course larger 
than this. 


the radius = 


EMISSION AND ABSORPTION 

OF RADIATION 

In the last chapter, in which the orbits for the 
hydrogen atom were considered, it was stated 
that radiation is emitted or absorbed when an 
electron jumps from one orbit to another, a 
jump to an orbit of lower n being associated 
with the emission of radiation. The same is 
true in the case of heavier atoms, with the 
complication that many of the lower orbits may 
already be filled with electrons, and so transi- 
tions to these are not possible. In most low 
energy transitions therefore we are dealing with 
jumps of electrons between the outermost filled 
orbit and the unfilled orbits of higher n value. 
As the energy associated with any of these 
orbits is dependent upon the charge on the 
nucleus of the atom under consideration, the 
energy change associated with jumps from 
one orbit to another will also be characteristic 
of the particular atom. This energy is typically 
given up in the form of visible light, and the 
characteristic colour of neon or sodium or mer- 
cury lights is due to this dependence of energy 
on the nuclear charge, that is, to the position 
of the atom in the Periodic Table, 

To illustrate these electron jumps, we will 
consider what happens in a mercury lamp. 
In the lamp, energy is given to the mercury 
atoms by an electric field (Fig. 35-5). This 
transfer of energy means that electrons in the 
outer orbit of the mercury atoms are made to 
jump to higher orbits, leaving a vacancy in the 
orbit from which they came. After a short 
time, about 10-8 seconds, the electrons will 
drop back into their original orbits, filling in 
the vacancies, and emitting, in the jump, radi- 


E 


n ire iier, 


Fig. 35-5. These diagrams 

represent stages in the pro- 

duction of light from a — 
mercury lamp. The atom 
is first shown in its normal 
state (a) with an 
core (IC) of nucleus with 

Z = 80 and 78 electrons. - 
Under the influence of an 
electric field, an electron in 
the outer ring can pick up 
energy and go to an orbit 
farther out (b). From this 
it can fall back (c, with 
the emission of radiation. 


inner 


(a) 


(c) 


Fig. 35-6. A normal argon atom (a) has a nucleus with 
18 positive charges and 18 electrons around the nucleus. 
If the atom is given sufficient energy, one of the inner, 
K, electrons can be excited to an outer orbit, leaving a 
hole in the K shell (b), An M electron may drop down to 
fill up this hole, with the emission of radiation (c). There 
is now a hole in the M shell, which may be filled by, for 
example, an N electron dropping down. 


ELECTRONS IN ATOMS 


(b) 
ation energy in the form of light whose colour 
is determined by the energy difference between 
the orbits. This is what happens in a lamp 
where the radiator, mercury vapour in the 
example, is in a gaseous state. In the ordinary 
tungsten filament lamp, where the radiator is 
a solid, the characteristic light frequency is 
smeared out by the interactions of the closely 
packed atoms in the solid, and white light is 
emitted. 


THE PRODUCTION OF X-RAYS 
So far we have treated electrons being raised 
from the outermost orbits. It is also possible 
for electrons to be raised from the innermost 
orbit (the K shell) though this requires more 
energy. For example, one of the K electrons 
may be excited by the transfer by collision of 
kinetic energy from a moving electron, and the 
K electron may either be raised to one of the 
unfilled orbits or given sufficient energy to 
escape from the atom altogether (Fig. 35-6). 
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In either case a hole is left in the K shell, which 
may be filled by an L or M electron dropping 
down, or by some free electron being captured 
into the K shell, the inverse of the original 
ionization process. The radiation emitted in 
any one of these transitions is usually in the 
x-ray region for a medium-weight or heavy 
atom because of the great energy associated 
with the K shell of such an atom. (You will 
remember from Chapter 30 that the greater 
the energy, the shorter the wavelength of the 
emitted rays.) Thus the excitation of atoms 
can give rise to characteristic x-rays as well as 
light of characteristic wavelengths in the visible 
part of the spectrum. 


CHEMICAL BINDING 


The inert gas structure of a closed shell is a 
most stable one, and therefore is the one which 
atoms will try to attain if possible, in the same 
way, for example, that ball bearings will roll to 
the bottom of a saucer or rocks to the bottom 
ofahill. In the case of lithium, which has one 
electron outside a closed Shell, it can obtain 
a closed shell structure if it loses the lone elec- 
tron. Similarly fluorine can obtain a closed 


and 
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shell structure (that of neon) if it gains one 
electron. If lithium and fluorine atoms are in 
proximity to one another we can therefore 
think of a transference of the electron origi- 
nally on the lithium atom to the fluorine atom, 
giving both of them closed shell structures. 
However, both of the atoms were originally 
electrically neutral, and now as a result of 
the transfer the lithium will be positively 
charged and the fluorine, which gained an elec- 
tron, will be negatively charged. These oppo- 
sitely charged ions will attract one another by 
the normal laws of electrostatic charges, and 
will hold together as the chemical compound 
lithium fluoride, LiF (Fig. 35-7). This is an 
example of just one of the types of chemical 
binding by which elements can combine to- 
gether. 

We may summarize our findings in this chap- 
ter by saying that the model of the atom in 
which electrons occupy a limited number of 
places in the various allowed orbits round the 
nucleus enables us to explain most of the obvi- 
ous characteristics of atoms, namely the vari- 
ation in ionization energies, simple chemical 
binding, and the characteristic optical and x-ray 


*spectra emitted by excited atoms. 


Fig. 35-7. A lithium atom can give up its 
outermost electron, achieving a helium-like 
core, but it becomes a positively charged 
ion as a result. If a fluorine atom accepts 
the electron, it can become like neon, except 
that it now has a negative charge. The two 
ions can attract each other, forming the 
lithium fluoride compound. 


_ EXERCISES and PROBLEMS 
uc! 


A 
1. Lithium and fluorine combine by the trans- 
ference of an electron from lithium to fluorine. 
Suggest other pairs of elements that might form 
compounds in a similar way. 


2. Why do the "inert gases" tend to be chemically 

inactive? 

3. State the characteristic colour emitted by 
(a) neon gas, 
(b) sodium vapour—you may test this by drop- 
ping some common salt into the flame of a 
bunsen burner or spirit lamp. 


4. List various means by which electrons may be 
removed from atoms. 


5. Write a paragraph or two to describe the 
contributions of Mendeleev to our understanding 
of chemical elements. Use an encyclopedia. 
6. Name some physical and chemical properties 
of elements that vary periodically as the atomic 
number increases. 


7. Radon is different from the other inert gases 
in one important respect. What is this difference? 
(See Chapter 33.) 

8. How would you define ionization energy? 


9. Calculate the radii of the innermost orbits of 
the atoms of lithium (Z — 3), iodine (Z — 53) and 
uranium (Z — 92). 

10. You are told that a certain element of atomic 
number in the range 10 to 15 has an ionization 
energy of 6.0 electron-volts. Using Fig. 35-1, 
say what element you think this would be. 


11. Rubidium is a metal with chemical properties 
very similar to those of lithium, sodium and 
potassium. It has an atomic number 00/3221 Use 
Fig. 35-1 to help you estimate its ionization 
energy in units of electron-volts. 
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12. Krypton is an inert gas, like helium, neon 
and argon, and it has an atomic number of 36. 
What would you expect its ionization energy to 
be in units of electron-volts? Use Fig. 35-1. 


13. Estimate the ionization energies of cesium 
(an alkali metal similar to lithium, sodium, and 
potassium, but with atomic number 55), and of 
xenon, an inert gas of atomic number 54. 


Cc 


14, In the text it was stated that the heaviest 
known inert gas was radon, which occupies the 
86th position in the Periodic Table. If the Peri- 
odic Table extended much further than it does, 
which position would you expect to be occupied 
by 

(a) the next heavier inert gas, 

(b) the next one after that? 


15. We know that lithium has two electrons in 
the innermost shell, K, and one in the L shell. If, 
however, all three electrons were in the K shell, 
what would you estimate its ionization energy to 
be? 
16. Describe the characteristic electron arrange- 
ment of 

(a) an alkali metal such as potassium or sodium, 

(b) an alkaline earth element such as calcium 

or magnesium, 

(c) an inert gas such as argon or krypton, 

(d) a gas such as fluorine, chlorine or bromine. 


17. The electrons in the L shell of an atom, those 
with n — 2, are partially screened from the 
nucleus by the two K electrons. As a result, the 
L electrons are attracted not by the full charge 
Z of the nucleus but, effectively, by a positive 
charge of (Z — 2) units. On this basis, calcu- 
late the radii of the L shell orbits in the 
nuclei of sodium (Z — 11), cesium (Z — 55) and 
uranium (Z — 92). 
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NUCLEAR STRUCTURE 


Very shortly after the discovery that the atom 
had structure, that it consisted of a positively 
charged nucleus surrounded by negative elec- 
trons, scientists began to wonder what the 
composition of the nucleus was, and how its 
various parts held together. 


THE BUILDING BLOCKS OF THE NUCLEUS 


As early as 1815 Prout had suggested that all 
atoms were made up of hydrogen atoms bound 
together in some way. With the discovery of 
the nucleus, this idea became modified, and it 
was suggested that the nuclei of all atoms were 
built up of hydrogen nuclei, that is, of the par- 
ticles we call protons. There is a very serious 
objection to this idea, however. On a con- 
venient scale, with the charge and the mass of 
the hydrogen nucleus both put equal to unity, 
it would be expected that if nuclei were simply 
composed of many protons they would all 
have masses (4) equal to their charge (Z). 
As we have seen before, for most nuclei the 
mass is approximately equal to twice the 
charge. 

Alpha particles have a mass equal to twice 
their charge, and moreover they are ejected by 
nuclei in one type of radioactive decay. An 
alpha (a) particle model of the nucleus was 
therefore suggested, in which all nuclei are 
built of these helium nuclei. Although there 
is undoubtedly some truth in this, it cannot 
be the whole truth—for example it is not pos- 
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sible to make hydrogen out of o-particles, and 
the only nuclei that should exist on this picture 
are those with masses 1, 2, 3, 4, 5 . . . times 
the mass of the helium atom. 

In 1932, however, the neutron was discov- 
ered. This is a particle with a mass almost 
the same as that of the proton (actually it is 
just slightly heavier), but it has no electrical 
charge. Using the proton (the hydrogen nu- 
cleus) and the neutron as building blocks, it is 
possible to construct any nucleus. Nuclei are 
characterized by their atomic number Z, which 
is just the charge on the nucleus in units of the 
elementary electric charge, and their mass A. 
The typical nucleus can be written as Z^, al- 
though commonly the chemical symbol for the 
element is written as well as the nuclear charge. 
In order that it may have a charge Z, the nu- 
cleus must have Z protons in it. To make up 
the remaining mass, (.4 — Z) units, requires just 
N neutrons where N = (A — Z). 

Thus uranium-238 may be written 928 or 
oU” as uranium occupies position 92 in the 
Periodic Table. This nucleus has 92 protons 
and (238 — 92) = 146 neutrons. The alpha 
particle, the nucleus of helium-4, can be writ- 
ten „Het, and has two protons and two neu- 
trons. The oxygen-15 nucleus can be written 
sO" and has eight protons and seven neutrons 
(Fig. 36-1). 

It is reasonable to ask whether all combina- 
tions of protons and neutrons are possible, and 
the answer that nature gives is “No.” Only 


328 combinations are found naturally occur- 
ring, although others have since been made. 
Moreover, of these 328, only 272 are stable, 
the others all being radioactive to some degree. 
All the 917 other combinations that have been 
made artificially are radioactive. 

The nucleus found naturally with the largest 
number of protons is uranium, with 92. All 
values of Z from 0 (the neutron) to 92 are 
found naturally with the exceptions of 43 (tech- 
netium, found in stars) and 61 (promethium). 
Each value of Z corresponds to a particular 
chemical element. 


ISOTOPES 


Quite commonly a chemical element found 
naturally will consist of a mixture of different 
types of nuclei with different numbers of neu- 
trons in them, though, of course, any one 
element always has the same number of pro- 
tons. Such different nuclei (or, to be exact, 
the atoms of which these nuclei form the cen- 
tral core) all occupy the same position in the 
Periodic Table, and so are called isotopes, from 
two Greek words meaning "same" and "place." 
They differ from each other first of all in mass, 
and sometimes in other physical properties 
such as their relative stability against radio- 
active decay, or their mode of decay if they 
are radioactive. 

Soddy was the first to show the existence of 
such different forms. He found that three 
samples ofthe element thorium, formed by 
three different radioactive decay processes, had 
the same chemical properties, yet had different 
radioactive characteristics. He gave the name 
isotope to such nuclei in 1910. A few years 
later Aston, measuring the mass of the neon 
nucleus, found that ordinary neon was a mix- 
ture of two isotopes with atomic masses 20 
and 22. These isotopes are called neon-20 
and neon-22, written ,4Ne?? and ,,Ne??. These 
each have 10 protons but have 10 and 12 
neutrons respectively (Fig. 36-2). The rela- 
tive abundance of the two nuclear species 
is approximately 91:9, so that neon has an 
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(a) (b) 


Fig. 36-1. In representing nuclei, protons and neutrons 
can be symbolized by crosses (+) and block circles 
respectively. Then the nuclei of Het, with 2 protons and 
2 (—4—2) neutrons, and 30°, with 8 protons and 7 
(=15—8) neutrons, can be represented as shown. The 
Het nucleus is also known as the alpha particle. 


(a) (b) 


Fig. 36-2. Isotopes, such as 19Ne?? and i Ne??, have 
the same numbers of protons (and therefore the same 
chemistry) but different numbers of neutrons. 


average atomic mass of 


91 x 20+ 9 x 22 
100 


Chlorine, with an atomic mass of 35.45, is 
approximately a 75:25 mixture of ,,CI?? and 

TOLG 
The lightest chemical element, hydrogen, 
has three known isotopes, of masses 1, 2, and 
3 units. Because of their importance, the two 
heavier isotopes have their own names. They 
are illustrated in Fig. 36-3. Hydrogen-2 is 
called deuterium, symbol D. It is not radio- 
active, and is found with a natural abundance 
of 0.015%. It combines with oxygen to form 
water, but whereas ordinary water, H,O, has 
a molecular mass of 18 units (2 x 1 + 16), 
this water has a molecular mass of 20 units 
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OD 


(a) (b) (c) 


Fig. 36-3. The three isotopes of hydrogen all have one 
proton in their nuclei. 41, the most common isotope, (a), 


has no neutrons. "uu the deuterium nucleus, has one 


neutron (b), and in, also called the tritium nucleus, has 
two neutrons (c). PL and ,H? are stable, 148 is radio- 


active. 


(2x 2416). D,O is therefore called heavy 
water, and it is of great importance in the 
development of nuclear power. Its use in nuc- 
lear reactors will be discussed in Chapter 37. 

D,O has a freezing point of 3.82°C and a 
boiling point of 101.42°C. Because of this 
slightly higher boiling point, it is possible to 
make a separation of the heavy water from 
ordinary water by distillation. The small dif- 
ference in mass also leads to the fact that the 
residual solution in electrolytic cells which 
have been bubbling off hydrogen and oxygen 
for many years has a slightly higher concen- 
tration of heavy water than does ordinary 
water. 

Hydrogen-3 is called tritium, symbol T. It 
is radioactive, turning into helium-3 with a 
half-life of 12 years. Tritium is one of the 
materials that can be used in hydrogen bombs 
or fusion reactors. 

The heaviest naturally occurring element, 
uranium, has isotopes of mass numbers 234, 
235, and 238. All have 92 protons in their 
nuclei. All three are in fact radioactive, but 
have such long half-lives that significant 
amounts occur naturally. The least abundant 
is ,,U?9* (0.006%); there is more ,,U?95 
(0.7296), but most of natural uranium is 
230223 (99.216050) 


THE STABILITY OF NUCLEI 


You will see from the graph of the naturally 
occurring nuclei, Fig. 36-4, that they lie about 
a broad line which has a slight curve. The 
nuclei which lie on the straight dotted line have 
equal numbers of protons and neutrons and 
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you will see that many nuclei do in fact have 
Z-N. Towards the heavier end of the Peri- 
odic Table, the nuclei tend to have more neu- 
trons than protons. Any nucleus, such as ,C*, 
that would be placed above the band of stable 
nuclei, would have an excess of neutrons. In 
the course of time one of these would change 
into a proton with the emission of an electron, 
that is, with the emission of a (negative) beta 
particle. Any nucleus to the right of the band 
would have an excess of protons, and one of 
the protons would change sooner or later into 
a neutron. This change also results in the 
creation and emission of a positive electron or 
positron. The emission of a negative electron 
will result in the nucleus having one extra 
positive charge, and so it will be changed into 
a different element, one place up the Periodic 
Table. The emission of a positron will send 
the nucleus one place down the table. 

Alpha decay, in which a nucleus emits a 
helium nucleus, occurs mainly in the heaviest 
nuclei, As discussed in a previous chapter, 
alpha emission results in a transmutation to 
two places down the Periodic Table. 


NUCLEAR BINDING 


Another question which arises is how the pro- 
tons and neutrons hold together in the nucleus. 
In the atomic case this is easy since the nucleus 
and electrons have opposite charges, and so 
attract one another—in fact the trouble is to 
find why they keep apart! But in the nucleus 
the only electrostatic effect is the mutual re- 
pulsion of the positively charged protons which 
should tend to blow the nucleus apart. There 
must be some attractive “nuclear force" be- 
tween all the particles in the nucleus which will 
more than compensate for the electrostatic re- 
pulsion. Much of the work being done in 
modern physics is the search for information 
about this force so that we can more readily 
understand how and why it operates. We 
know that there are many nuclei (272 of them) 
in which the mutual attraction between the 
protons and neutrons in the nucleus is suffi- 
cient to overcome the repulsion between the 


protons. As the number of protons increases, 
the number of neutrons must increase also, 
otherwise the nucleus is unstable, and in fact 
in all the heavier nuclei the number of neutrons 
exceeds the number of protons. However, the 
electrostatic repulsion finally becomes so great 
as we go up the Periodic Table that the nuclei 
are unable to hold together for any great length 
of time. Although elements heavier than 
uranium once existed in nature, they were so 
unstable that they are no longer found on 
earth. 

In 1932 Yukawa, a Japanese theoretical 
physicist, suggested that there exists a particle 
which holds the protons and neutrons together, 
as mortar holds together the bricks of a house. 
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This particle he predicted should have a mass 
about 200 times the mass of the electron. Be- 
cause this mass is between that of the electron 
and the proton, the predicted particle was 
called a meson (meso means middle, as in 
mezzo-soprano, one in the middle voice range). 
In 1938 such a particle was found in cosmic 
radiation, and since then a number of types of 
these particles in the middle range have been 
discovered. For many years the high energy 
cosmic rays coming in from outer space were 
the only source of mesons, but since 1948 
mesons have been produced artificially in the 
large nuclear machines now built in many 
countries, and this has made research into their 
properties much easier. 
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Fig. 36-4. A graph of the 
naturally occurring lighter 
nuclei plotted with the num- 
ber of protons (Z) on the 
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horizontal axis and the num- 
ber of neutrons (N — 4 — Z) 
on the vertical axis shows 


e stable nuclei 


that many of the lightest 
nuclei have equal numbers of 
protons and neutrons. In the 
heavier nuclei, the neutrons 
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outnumber the protons. 
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EXERCISES and PROBLEMS 


A 

1. State the number of protons and the number 
of neutrons in the nuclei ,H!, ,H?, „Het, Li’, 
NM, ,018, 018, „C135, 
2. Give two examples each of 

(a) stable nuclei, 

(b) naturally radioactive nuclei, 

(c) artificially-produced radioactive nuclei. 
3. Silver consists of two isotopes, of approximately 
equal abundance, whose atomic masses are 107 
and 109. What is the atomic mass of natural 
silver? 


4. Copper consists of two isotopes, ,,Cu9*, of 
70% abundance, and ,,Cu$5, of 30% abundance. 
What is the atomic mass of natural copper? 


B 
5. Boron, which has an atomic mass of 10.8 units, 
is a mixture of two isotopes. whose relative abun- 
dances are 20% and 80%. One of the isotopes 
has an atomic mass of 11. What is the atomic 
mass of the other isotope? 


6. The element thallium, which has an atomic 
mass of 204.4 units, consists of a mixture of two 
isotopes whose relative abundances are 30% and 
7096. The atomic mass of the more abundant 
isotope is 205. What is the atomic mass of the 
other isotope? Round off to the nearest whole 
number. 


7. Calculate the density of heavy water, D,0, 
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assuming that the volume occupied by the D,O 
molecule is the same as that occupied by an H,O 
molecule. 


8. Calculate the density of “super-heavy water,” 
T,O, making an assumption similar to that in the 
previous question. 


9. The only isotope of sodium which is not radio- 
active is ,,Na**. If you made some ,,Na**, would 
it decay by the emission of a positive electron or 
by the emission of a negative electron? What 
would happen in the case of ,,Na??? 

10. Name the first 10 atoms in the Periodic Table, 
in their correct order, giving as well the number 
of protons in the nucleus of each. 


Cc 

11. Use the chart of the stable nuclei, Fig. 36-4, 
and the Periodic Table in the Appendix to deter- 
mine whether the following nuclei are radioactive 
or not. If you decide that a nucleus is radioactive, 
state whether it is more likely to decay by emitting 
a negative electron or a positive electron. 

1999, 183? 1995, 1995; 12M8”, 12M8”®, 12M8”; 
des eet «Q5 AOT aLi”, AGL REUS aLi5; 210059; 
219620 215621. 


12. The nuclei ,Be? and ,C!? can be considered 
to be aggregates of 2 and 3 alpha particles re- 
spectively. Make a list of a few more stable 
nuclei that could be made simply by the coalition 
of alpha particles. 
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NUCLEAR ENERGY 


This chapter is about the interactions between 
nuclei—what happens when they collide or 
break up. The earliest discovered type of 
nuclear reaction we have already discussed in 
the chapter on radioactivity. In the alpha 
decay of nuclei, the nucleus breaks up into a 
helium nucleus and a residual or daughter 
nucleus. We write this for example 

aU — po Th? + „Het 
where the subscripts to the left are the charge 
on the nucleus, and the superscripts the atomic 
mass of the nucleus. In nuclear physics it is 
customary to ignore the electrons round the 
nucleus, and so in the equation we make no 
mention of whether the helium is ionized or not. 


NUCLEAR REACTIONS 

The reverse process to a-decay is also pos- 
sible—in this an alpha particle is absorbed by 
a nucleus. In 1919 Rutherford bombarded 
nitrogen with alpha particles and found that 
particles that had all the characteristics of 


2He* t ;N^ 


protons were ejected from the nitrogen. What 
happens in this experiment can be represented 
by the diagram in Fig. 37-1, or more con- 
veniently by the nuclear equation 
;He* + JN“ > ,O'7 + , Ht. 

This shows that the nucleus of helium-4 (sym- 
bol He, atomic number Z = 2, atomic mass 
A= 4) combines with a nitrogen nucleus 
(symbol N, Z = 7, A = 14) to give oxygen-17 
(symbol O, Z = 8, A = 17) and a proton (the 
nucleus of hydrogen-l, symbol H, Z= 1, 
p; E 

Since that time large numbers of nuclear re- 
actions have been found to take place. All 
these reactions have some things in common. 
If we consider the simple nuclear reaction 

H + ,H? — He? + on! 

representing what happens when two nuclei of 
hydrogen-2 react giving a nucleus of helium-3 
and a neutron, we see that the sum of the 
nuclear charges on the left hand side of the 
equation (1+1= 2)—remember that the 


Fig. 37-1. The interaction of 
the nuclei of helium-4 and 
nitrogen-14 may result in the 
production of the nuclei of 
hydrogen-1 (a single proton) 


+ 807 and oxygen-17. 
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atomic number tells us how many protons, each 
of unit charge, there are in the nucleus—equals 
the sum of the nuclear charges on the right 
hand side (2 + 0 = 2). Similarly the sums 
of the atomic masses on both sides of the equa- 
tion are the same (2+ 2=4=3 +1), at 
least to two figure accuracy. To a higher order 
of accuracy however, the masses do not quite 
add up properly. In fact, the total mass on 
the left hand side is 0.0035 mass units (see 
Chapter 33) more than that on the right hand 
side of the equation. 

The difference in mass is associated with a 

term which so far we have left out of the equa- 
tion, though for completeness it should be there. 
This is the reaction energy. By carrying out 
the nuclear experiment and measuring the 
energy released in the process, we find that the 
reaction can be more fully represented by 
1H? + QH? —> „He? + Qn! + 5.1 x 10-772 joule, 
that is, 5.1 x 10-7? joule is the energy re- 
leased when two nuclei of hydrogen-2 react 
to form helium-3 and a neutron. This may be 
compared with the 9 x 10-1 joule that is 
released when two molecules of hydrogen react 
with one molecule of oxygen to form two mole- 
cules of water. You will see that there is 
about a million times more energy released in 
the nuclear reaction than in the chemical re- 
action. In both cases, however, the energy 
is in the form of kinetic energy of the reaction 
products. 
^. In all nuclear reactions we find that the ratio 
of energy released to the mass difference is a 
constant. We can find the value of the con- 
stant from the figures for the above experiment, 
and from the fact that one nuclear mass unit 
is equal to 1.66 x 10-?' kg. Then the 
value of the constant is 
(5.1 x 1079) joule/(0.0035 x 1.66 x 10-2") kg 
= 9x 10-1 joule/kg 
= (3 x 108 m/sec)?. 
Now it may readily be appreciated that the value 
of this constant is just the square of the speed 
of light—in fact we have illustrated the Ein- 
stein relationship between mass and energy 
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E/m = c?, or E = mc?; which is of such great 
importance in the world today. What has hap- 
pened in the course of the nuclear reaction 
is that some of the mass-energy of the system 
has been converted into energy of motion of 
the reaction products, the helium nucleus and 
the neutron. The same thing actually happens 
in a chemical reaction, but here the decrease in 
mass-energy is so small (10—?? kg) that it is 
completely undetectable. 

Three of the characteristics of nuclear re- 
actions are therefore 


1. the total charge remains constant; 

2. the total energy (mass-energy and kinetic 
energy) remains constant; 

3. the total number of protons and neutrons 
remains constant. 


Many reactions result in a “transmutation of 
the elements"—for instance Rutherford started 
with nitrogen and converted it into oxygen. 
In ancient days it was believed that elements 
could be converted into others by alchemy. In 
particular, alchemists were interested in mak- 
ing gold because of its great value. Such trans- 
mutations cannot be carried out by chemical 
means, but by physical methods they are pos- 
sible—but at a much greater price than it 
would cost to buy ordinary gold! Very often, 
however, the product of a nuclear reaction is 
not "ordinary." Quite commonly a radio- 
active isotope of an element is formed, and this 
isotope can be extremely valuable for many 
purposes that will be discussed in Chapter 38. 

So far we have spoken only of the use of 
alpha particles as the nuclear projectiles which 
are shot at nuclei to break them up. Origi- 
nally alpha particles were used because they 
were available from natural sources, but once 
nuclear accelerators were built, other high 
energy particles such as protons and deuterons 
(ions of heavy hydrogen) could be used as 
well. The simplest type of accelerator con- 
sists of a positive high voltage supply and a 
tube down which positive ions are accelerated 
due to the electrostatic repulsion between the 
positive charges on the ions and the high volt- 
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Fig. 37-2. An electron gains an energy of ] electron- 
volt (1 eV) if it is accelerated across a gap across which 
there is a potential difference of 1 volt (a). Similarly a 
positive ion with charge equal in magnitude to that of the 
electron, would gain the same energy crossing the same 
gap. It would gain one million electron-volts of energy 
(1 MeV) if it were accelerated through one million volts 


(b). 


age terminal. It is usual to measure the energy 
which the ions gain in the acceleration in units 
of electron-volts (cV). One electron-volt is 
the energy acquired by a particle with a charge 
equal to the electronic charge, falling through 
an electric voltage of 1 volt (Fig. 37-2). The 
energy of 1 eV = 1.6 x 10— joule, and 1 mil- 
lion electron-volts, written 1 MeV, is equal to 
1.6 x 10-18 joule. The MeV is a very con- 
venient unit of energy in nuclear physics. 

In 1932 Cockcroft and Walton in Cam- 
bridge, England, made an accelerator of this 
simple type and were able to obtain protons 
with an energy of 150 thousand eV, that is, 
150 keV. With these they carried out the 
first transmutation using artificially accelerated 
ions. This was the nuclear reaction 


Lit + ,H! — Het + ,He* + energy. 


Fig. 37-3. The fusion of and 
two nuclei of deuterium 
(qu?) can result either in 
a nucleus of 448 and a 
nucleus of Bh or in ate’ 
and a neutron. 
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FUSION 


Also in 1932 deuterium, ,H*, was discovered, 
and soon deuterium ions or deuterons were 
commonly used as projectiles. Deuterium is 
sometimes denoted by the symbol D, but in 
this chapter we will write it ,H?. One of the 
simplest possible nuclear reactions is that ob- 
tained when accelerated deuterons hit a deute- 
rium target. In this case there are two possible 
end products. These reactions are illustrated 
in Fig. 37-3 and are represented by the two 
equations 

,H? + ,H? — ,He* + Qn! + 3.3 MeV 
and 

1H? +H? > H? + ,H! + 4.0 MeV. 
,He? is a stable isotope of helium, gn’ is the 
neutron, ,H* is tritium and ,H! is the proton, 
the nucleus of ordinary hydrogen. Both these 
reactions result in fusion of two light nuclei 
to make a heavier one plus a particle of unit 
mass. Both also result in the release of energy. 

Fusion reactions are of the utmost impor- 
tance because our whole life depends upon 
them; the energy of all the stars, including our 
own sun, is obtained from reactions such as 
these going on in the interior of the star. In 
effect what happens is that four hydrogen nuclei 
fuse together to make helium-4. In order to 
keep the total electrical charge the same on 
both sides of the equation, two positive elec- 
trons, or positrons, have to be emitted with the 
helium. The whole process can therefore be 
represented by the nuclear reaction equation 
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Fig. 37-4. This representation of the carbon-nitrogen cycle 
shows that 4 protons (HY) enter the cycle and one helium 


nucleus (,He*) and two positive electrons (,e?) leave the 


2 t 
cycle. All other nuclei in the cycle act merely as catalysts; 


they help the reaction but are not used up. 


4 H! — Het + 2 ,e? + energy 
where we have written ,e" for the positron, 
which has unit positive charge and very small 
mass. 

In practice it is improbable that just a single 
reaction takes place, as represented above, but 
rather several consecutive reactions must take 
place. This is because it is highly improbable 
that the necessary four protons will all be to- 
gether in one place at the same time. (Al- 
though it is quite common for two cars to col- 
lide at an intersection, it is very uncommon 
for four cars to hit each other simultaneously 
at the intersection. At a later time another 
car may hit the first two cars that collided, but 
that is a separate reaction.) It is considered 
that there are two main ways by which the 
Het is produced. In one of these, the hydro- 
gen cycle, beryllium and lithium are formed as 
intermediate steps, whereas in the carbon-nitro- 
gen cycle, carbon and nitrogen nuclei act as 
catalysts to speed up the conversion process, 
but are not themselves used up. This cycle is 
illustrated in Fig. 37-4. Although the cycle 


370 


looks complicated it is clearly seen that four 
hydrogen nuclei go into the cycle and that a 
helium nucleus and two positrons come out. 

Looking at the mass-energy balance in this 
fusion reaction, we find that the four protons 
have a mass 0.02650 units greater than the 
sum of the masses of helium-4 and two posi- 
trons. This mass difference is equivalent to 
the energy released in the fusion, a total of 
about 25 MeV being released for every helium 
nucleus created. 

It is interesting to consider the case of our 
own sun to get an idea of the magnitudes in- 
volved in nuclear reactions on a stellar scale. 
Knowing the total energy radiated from the 
sun, we can calculate how fast the sun’s mass 
is decreasing. We find that each day the sun 
radiates away 4 x 10"! tons in the form of 
heat and light. As the sun’s total mass is about 
2 x 10°" tons, it can fortunately continue to 
radiate at this rate for a long time yet! 

If we could learn how to make a power 
station work using nuclear fusion as the prim- 
ary source of energy, we would be a long way 
towards relieving the world’s energy shortages, 
as hydrogen is a very common substance, at 
least when it is chemically compounded with 
oxygen to form water. Even if deuterium had 
to be used for technical reasons, there would 
still be an ample supply. Lake Ontario alone 
has enough deuterium in it to supply the whole 
of Canada with energy for 20 million years 
at the present rate of use. The difficulty is 
that although we. can easily make these reac- 
tions work in the laboratory, the cost of run- 
ning the laboratory equipment is far greater 
than the value of any energy produced. To 
make energy economically seems to require 
operating temperatures equal to those in the 
sun, and by this temperature all normal equip- 
ment has vaporized. The current trend is to 
try to use a magnetic field to hold in the hot 
gases—to use what is called a “magnetic bot- 
tle 

Energy has been produced from fusion in the 
form of hydrogen bombs or H-bombs. In 
these a high temperature, of the order of 10 


million degrees, is first attained by the explo- 
sion of an atomic, or nuclear fission, bomb. 
This temperature is just about that found in 
the interior of stars, and so the light nuclei, 
with which the atomic bomb is surrounded, 
fuse with the liberation of immense amounts 
of energy in a very short time. The rate of 
energy production here is too great for most 
peaceful applications. Some means must be 
found for allowing the energy to be released 
more slowly. One suggestion is that a hydro- 
gen bomb be exploded underground, and that 
afterwards water should be pumped through 
the rock to remove the heat which would be 
stored there as a result of the explosion. There 
seems little doubt that fusion energy will even- 
tually become available for domestic and in- 
dustrial purposes. 


FISSION 


Fusion is a reaction in which light nuclei come 
together to form more complex nuclei with 
the release of energy. At the other end of 
the Periodic Table fission can take place in 
which the most complex nuclei such as ura- 
nium or thorium split up into lighter com- 
ponents with the release of energy. In many 
ways the nuclear processes of fission and fusion 
are analogous to the splitting up or compo- 
sition of chemical compounds. Taking two 
chemical reactions to illustrate the two phe- 
nomena, we would say that the combining of 
hydrogen and oxygen to form water, 
2H, + O, > 2H;0, 
is an example of chemical fusion, whereas the 


Incident neutron 


Fig. 37-5. When a neutron 
is absorbed by uranium, 
there is a possibility that 
the uranium nucleus may 
split up, or fission, into two 
fission fragments such as 
strontium and xenon and 
two or three neutrons. 


Uranium nucleus 
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break up of the explosive tri-nitro-toluene 
(TNT) into water and carbon dioxide, etc., is 
an example of a chemical fission process. Both 
of these chemical reactions result in the release 
of energy. This energy from the chemical re- 
action is, however, a million times less than 
that released in the analogous nuclear reactions. 

The TNT fission process is not spontaneous, 
for the TNT has to be triggered off by an elec- 
trical spark or by some other means before it 
will explode. Similarly the fission of uranium 
will not take place to any great extent unless 
some energy is pumped into the nucleus. This 
energy can be provided by the capture of a 
neutron by the nucleus. Neutron capture ex- 
periments became possible in 1932 after the 
neutron was identified, but in fact fission was 
not discovered until 1939. 

When a nucleus fissions, it may break up 
in a large number of different ways. Usually 
it breaks up into two nuclei which both have 
about half the weight of the original nucleus, 
and in addition two or three neutrons are 
emitted. Thus we might have 


q9U?55 + on! — gU% (excited), 
followed by 
pU? (excited) — 4,9199 + ,Xe!^* + 3 ons 


where Sr is the symbol for strontium and Xe 
the symbol for xenon (Fig. 37-5). The three 
neutrons are now available for interacting with 
more uranium to cause more fissions, with the 
release of even more neutrons and so on with 
an avalanche effect. Such a process which 
uses some of the products of a reaction to 
cause more reactions is called a chain reaction 
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(Fig. 37-6). However, if the fission has taken 
place in a small lump of uranium the neutrons 
may escape before they are able to interact with 
other uranium nuclei. The bigger we make 
the lump, the less chance there is of escape, 
and there will come a time, as the lump or 
pile of uranium is made bigger, when at least 
one of the neutrons emitted must be captured 
by another uranium nucleus. At this critical 
size the number of fissions in unit time will 
keep steady; with greater than a critical size, 
the number of fissions will increase with time, 


High explosive Uranium 235 


Tamping Heavy casing 


Fig. 37-7. In an atomic bomb, sub-critical masses of 
uranium-235 are blasted together by high explosive. The 
resulting super-critical mass then fissions rapidly. The 


tamping and heavy casing prevent the bomb exploding 
before the chain reaction has built up to a high level. 


972 


Generation 


Fig. 37-6. A chain reaction 
occurs when the products 
of one disintegration trigger 
another disintegration. Here 


neutrons emitted in one 
fission are captured by 
more uranium nuclei to 


cause further fission. 


3rd 1 4th 


Generation 
and therefore the amount of energy released 
will greatly increase also. 

In an atomic bomb two or more pieces of 
uranium, each less than the critical size, but 
super-critical when all together, are brought to- 
gether very rapidly as shown in Fig. 37-7. 
Once the critical size is exceeded, the uranium 
starts to fission extremely rapidly, producing 
large quantities of energy in a very short time. 
A very high temperature is thus reached, and 
there is a rapid expansion of the vaporized 
bomb components and the surrounding air. 
The outrushing of this gas causes the blast 
damage of an atomic bomb explosion. 

Each fission results in the production of 
about 200 MeV of energy. Giving this in 
other terms, the complete fissioning of about 
20 pounds of uranium—about a handful—is 
sufficient to provide the total energy used in 
Canada in one day. However, as even under 
perfect conditions, only one isotope of the 
uranium, ,,U*?»5, is primarily useful, at least 
3000 Ib of natural uranium would be required 
per day. In order to use this energy, it must 
be released more slowly than it is in a bomb. 
Nowadays muclear power stations are being 
built. They have more than a critical amount 
of uranium in them, but have also control rods 
made of material which can absorb neutrons 
very readily. By inserting the control rods 
into the reactor the number of neutrons left 
to cause fission in uranium can be easily kept 
at any desired steady level. 


The most abundant isotope of uranium, 
95U?35, captures high energy neutrons to form 
radioactive ,,U?*? without fission resulting, and 
in order to slow the neutrons down rapidly so 
that they react rather with the fissionable 
5,U?95, a moderator is used in most power re- 
actors. Under these circumstances more of 
the neutrons are free to cause fission in the 
less abundant ,,U?*5, The reactors must also 
have coolants in them to remove the heat ener- 
gy produced in the fission process so that the 
heat energy can be converted in turbines to 
useful electrical energy. In the reactors at 
Chalk River, Ontario (Fig. 37-8), heavy water 
(deuterium oxide) is used both as the moder- 
ator and as the coolant. In the British power 
reactors graphite (pure carbon) is used as 
moderator, and carbon dioxide as the coolant. 

The high intensity of neutrons in a reactor 
makes it an ideal source for neutron capture 
reactions. One of these we have just men- 
tioned, 

wun at oul: me PA Os 
This isotope of uranium quickly decays with 
a half-life of 23 minutes and the emission of 
an electron _,e° to neptunium, the first of the 
trans-uranic elements (that is, those with a 
higher atomic number than that of uranium) 


239 239 0 
Un S ANDE EEG 


The neptunium then itself decays radioactively 
to form element 94, plutonium, ;,Pu*??. The 
p4Pu23 is very similar to ,,U*95 in its fissioning 
properties, and is used in atomic bombs and 
reactors. Other trans-uranic elements can be 
made by further neutron capture or by other 
means. A list of those known (up to 1963) 
is given in Table 37-1 opposite. 

All isotopes of these elements are radioactive. 
It is thought that many of them may have 
existed on earth at one time, but their half- 
lives are so short that they have all decayed 
away long ago. 

Reactors are also used as sources of radio- 
active isotopes for use in industry and research. 
For instance, if sodium is put in a reactor, the 
nuclear reaction 


Fig. 37-8. Chalk River is the main centre in Canada for 
research into nuclear reactors. This picture shows on 
the left one of the reactors with men working with the 
uranium rods. On the right there is the changing machine 
which enables uranium slugs in the reactor to be replaced 
without shut-down. 


Table 37-1 
THE TRANS-URANIC ELEMENTS 


Atomic Chemical 
Number Symbol 
Neptunium 
Plutonium 
Americium 
Curium 
Berkelium 


Californium 
Einsteinium 
Fermium 
Mendeleevium 
Nobelium 
Lawrencium 


uNa? + ont —> Na? 

will proceed. The new isotope is radioactive 
with a half-life of 15 hours and emits negative 
electrons. Some of the uses of these isotopes in 
industry and research will be discussed in 
Chapter 38. The production of radio-isotopes 
by this means has become a major industry in 
Canada, the United States and Britain. 
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HIGH ENERGY PHYSICS 


At every stage of atomic and nuclear physics, 
scientists have been trying to find out what 
there is in the atom and how the parts hold to- 
gether. At the end of the nineteenth century, 
in order to split up the atom J. J. Thomson 
needed an apparatus, the discharge tube, which 
had across it an electrical potential of a few 
thousand volts. To pry away the most deeply- 
seated electrons from a heavy atom needs tens 
of thousands of volts. To knock particles out 
of the nucleus we need millions of volts. In 
fact in order to see finer and finer detail in the 
Structure of matter we need finer tools, and 
this, translated into other terms, means higher 
and higher voltage nuclear machines. At pres- 
ent, machines of 500 million volts or so can 
look at the detailed structure of the individual 


1. Write nuclear reaction equations which repre- 
sent the simplest thing that could happen when 
protons, ,H!, react with the following nuclei: 


(a) C? 

(b) ,, AI?" (n! is one of the products) 

(c) NM 

(d) ¿017 — (H? is one of the products) 
2. Using the figures given in the text, calculate 
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Fig. 37-9. 
on Long Island has an underground dough- 
nut 843 feet in diameter, and the protons 
in it travel a quarter of a million miles 
during acceleration. The large building to 
the right of the underground doughnut is 
the experimental area. 


The synchrotron at Brookhaven 


protons and neutrons in the nucleus—with ma- 
chines of ten thousand million volts and more 
(Fig. 37-9) we hope to be able to discover 
even more secrets of the very core of all 
matter. 


Don't let yourself be talked into believing that 
the nucleus is not interesting. It is so small 
and has so few parts and still it shows a tre- 
mendous variety of phenomena. Its investi- 
gation requires the whole arsenal of presently 
available experimental techniques and its 
understanding makes use of almost all 
branches of theoretical physics. What a 
marvellous invention! It is worth devoting 
a lifetime to it. 
—V. F. Weisskopf, in 
an address to the 1960 
International Conference 
on Nuclear Structure, 
held at Queen’s Univer- 
sity, Kingston, Ontario. 


how long the sun could continue losing mass at 
the present rate, on the assumption that all the 
mass is convertible into energy. Do you think 
such an assumption is justified? 


3. Write down the missing products in the follow- 
ing nuclear reaction equations which represent 
deuteron GH?) reactions. 


(a) ,H? + .Li$ > „Het 4 ? 
(b ,H? .-,C?— HI + ? 


(c) ,H? + ,Be? qn! + ? 

(d) ,H? + ,Be? — ,H! + ? 
4. Write down completed equations for the 
following nuclear reactions. 

(a) gn? + ,4Ag!09 >? 

(b) om T 9285 A Metu AID 3n! 

(c) jn! NM. —,.C^ 1? 

(Note that it is due to this reaction that carbon 

dating is possible). 

(d) jn! + ,H! >? 
5. Which of the following nuclear reactions are 
possible? 

(a) ont 33 ,,Ag — 4, A810 

(b) ,H! 4,019  — Na? 

(c) CI. 4. CI m uNe? S He- 


(d) Het + ,,AP7 —.,P89 

(e) ,,Na?3 + ,H? — Q,44Na?5 + n! 

(f) .,He*. NIS USO SHE 
B 


6. Using the masses given here for the various 
nuclei, calculate the mass excess which is available 
in the following reactions. 

1H? +H? He? qnt 

,H? + ,H?—> ,H® + ,H’ 


Masses: ,H! 1.0078 u 
oni 1.0087u 
1H$ 2.0141u 
,H? —— 3.0160u 


,He? —— 3.0160u 
1u—1 atomic mass unit = 1.66 x 10—?* kg. 
Express your answers in atomic mass units and 
in kilograms. 
7. Using the Einstein relation E — mc?, express 
the answers to Question 6 in joules. 


8. The simplest nuclear reaction is the capture of 
a neutron by the nucleus of a hydrogen atom to 
form deuteron, jn! + sb c jH? + energy. 
Using the mass values given in Question 6 calcu- 
late the energy which is available due to the mass 
excess when this reaction takes place. 


9. The earth receives energy from the sun at the 
rate of 3 x 1022 joules/day. Considering this 
effect alone and that this energy may be measured 
in terms of mass, calculate the rate of increase 
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of the mass of the earth per day in kilograms and 
tons. What percentage of the total mass of the 
earth is this daily increase? (Mass of the earth 
equals 6 x 10?* kg.) 


10. In the following cases, is the chemical reaction 
an example of a chemical fusion process or of a 
chemical fission? 

(a) C+ O, 5 CO, 

(b) 2KMnO, > K,MnO, + MnO, + O, 

(c) 2U + 30, > 2 UO, T era. 

(d) K,CO, + H,O + CO, + 2KHCO, 

(e) HCOOH > CO + H,O 

(f) 2KHCO, > K,CO, + H,O + CO, 


il. Express in kilograms the masses of the atoms 
which have as their core the following nuclei. 
Given below are the masses in atomic mass units. 


1H! 1.0078 u 
He! 4.0026 u 
sAn 26.9815 u 
asi 29.9736 u 


€ 

12. The names of the first two trans-uranic ele- 
ments (listed in Table 37-1) are derived from the 
names of the two planets farther out than Uranus. 
The names of the heavier trans-uranic elements 
are connected with people or places important 
in nuclear physics. Find out about these con- 
nections and write brief notes on them. 


13. In the text it is stated that the complete fis- 
sioning of about 20 Ib, or about 10 kg, of uranium 
would provide the total energy used in Canada in 
one day. Calculate how much energy this is, 
and give the answer in joules. (Atomic mass of 
uranium — 235; energy per fission — 200 MeV; 
1 MeV = 1.6 x 10-18 joule; from Chapter 33, 
Avogadro’s number = 6.02 x 1028 atoms/ mole.) 


14. The production of 1 helium nucleus by the 
fusion of 4 hydrogen atoms (A = 1) results in 
the release of about 25 MeV of energy. Calcu- 
late the energy release if 10 kg of hydrogen were 
converted to helium. Compare this with the re- 
sult of Question 13. (Use 1 MeV = 1.6 x 10-13 
joule and Avogadros number — 6.02 x 1023 
atoms/ mole.) 

15. The fusion of 4 hydrogen nuclei gives 25 MeV 
of energy. Calculate the energy radiated by the 
sun each day, assuming that 6 x 1016 kg of 
hydrogen per day fuse to form helium. 
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APPLIED NUCLEAR PHYSICS 


In the first half of this century nuclear physics 
was a subject which interested only those few 
research workers actively engaged in finding 
out about the nucleus. Nowadays, however, 
each one of us is affected by the applications of 
nuclear physics in the production of electrical 
energy, in industrial processes, in research and 
in the manufacture of nuclear weapons. This 
chapter gives an account of some of the ways 
in which the nucleus enters into our lives. 


DETECTION OF RADIATION 


The rays which radioactive nuclei emit make 


Fig. 38-1. 
scope is ionized, charge will leak away and the vane will 
return to its normal position. 
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If the air around a charged metal-vane electro- 


the nuclei very easy to detect. In the first part 
of this chapter some of the every-day uses of 
radio-isotopes in industry and medicine based 
on this ease of detection will be discussed. The 
first step is to describe how the rays are de- 
tected. 

Radiation ionizes matter through which it 
passes. For example, when beta rays travel 
through a gas such as air, they split up some 
of the atoms of the gas into electrons and posi- 
tive ions. This makes the gas a conductor of 
electricity, and if there is an electric field across 
the gas, a current will flow. In the metal-vane 
electroscope shown in Fig. 38-1, a thin metal 
vane attached to a metal support is given a 
charge by means of the method of induction 
discussed in Chapter 11, or by some other 
means. The ends of the vane will be repelled 
away from the support because both have the 
same charge. When a radioactive source is 
brought near, the charge will leak away because 
of the increased conductivity of the air, and the 
vane will return to its original position. 

Such a system is suitable if the activity of 
the source is high, but it is not sufficiently sen- 
sitive for most applications. In order to mag- 
nify the effects of the radiation, amplification 
is often produced by electron tubes such as 
those in radio and television sets. In one form 
of counter, such as that shown in Fig. 38-2, 
an electric field is applied across the gas 
through which, for instance, the beta rays to be 
detected are travelling, and the ionized particles 
produced are attracted across to the charged 


R 
Beta ray 
= + 
Voltage 
supply 
= 
Fig. 38-2. The ions produced in a gas by the passage of 


an ionizing particle such as an alpha or beta ray may be 
drawn to charged electrodes. This flow of charge will 
create a voltage across the resistor R which may be 
measured by electronic circuits. 


electrodes. This flow of ionized particles con- 
stitutes an electric current which passes through 
the resistance R, giving rise to a voltage drop 
across the resistance proportional to the cur- 
rent and thus to the number of beta particles 
per second. This voltage is then measured by 
an electronic tube circuit as suggested in the 
diagram. In the case of a single beta particle, 
a single pulse of ionization will be produced 
and therefore a pulse of electricity will be re- 
ceived by the electrodes. Once again, this will 
give rise to a voltage across the resistance, and 
the voltage pulse may be amplified by standard 


Fig. 38-3. Geiger tubes may have different shapes de- 
pending on their particular function. All, however, have 
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electrical circuits. The output signal from the 
amplifier may then be used to drive a mechan- 
ical counter or other such device. Thus the 
number of beta particles striking the counter 
can be measured. 

If the electric field across the gas is high 
enough, the number of ionizations will be 
vastly increased by an avalanche process: the 
electrons that split away from the gas atoms 
will acquire energy in the electric field, which 
will enable them to ionize other gas atoms, 
which will give rise to more electrons, which 
are capable of causing further ionization, and 
so on, and so on. This is the principle of the 
Geiger counter (Fig. 38-3) which is widely 
used in applied nuclear physics. 

The scintillation counter, which is used even 
more widely in research than the Geiger coun- 
ter, works on a somewhat different principle. 
The counter consists primarily of a crystal of, 
for example, sodium iodide. When radiation 
goes through the crystal, ionization takes place 
as before. A short time later the atoms will 
de-ionize, that is an electron will rejoin the 
ion to form a neutral atom again, and energy 
is then given out in the form of a pulse of 
light. This light gets out of the crystal and is 
detected by an amplifying photo-cell or photo- 
multiplier (Fig. 31-4), which converts the 
light scintillation into an electrical pulse. This 
pulse can then be amplified by electronic tube 
circuits. 

The cloud chamber makes use of the fact 
that vapours condense more easily on charged 


an outer negative electrode and a wire as the positive 
electrode, and contain a gas at low pressure. 
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rather than on uncharged particles. In the 
chamber, which contains dust-free air and a 
vapour such as that of alcohol, it is arranged 
that the alcoholic vapour becomes supersatu- 
rated, and therefore in a condition to allow 
condensation to occur. In Experiment IV-3 
on the next page, instructions are given for 
building your own cloud chamber. If an ion- 
izing radiation goes through the chamber, it 
will leave a trail of ions on which droplets 
will form. These droplets are easily visible 
in a strong light, and thus we can see and 
photograph the tracks of the rays. The photo- 
graphs that are shown in Fig. 38-4 and Fig. 
34-5 are, of course, not pictures of the par- 
ticles, but only of the tracks they make. They 
are, in a sense, footprints of the particles 
themselves. The heaviness of the track, that is 
the number of droplets per centimetre, tells 
something of the nature of the ionizing radi- 
ation in the same way as the depth and fre- 
quency of footprints can tell a lot about the 
person or animal making them. 


Fig. 38-4. 
information on the particles causing the tracks. The 
densest tracks are those caused by fission fragments, the 
lighter tracks are caused by alpha particles, and the thin 


The properties of cloud chamber tracks give 


tracks are due to protons (hydrogen nuclei). Notice that 
the two fission fragments fly off in opposite directions to 
each other. This is due to Newton's third law — to every 
action there is an equal and opposite reaction. 
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Fig. 38-5. 
isotope into a tree, and then following the movement of 
the isotope with a Geiger counter, foresters can learn 
about the flow of sap. 


By injecting a liquid tagged with a radio- 
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All isotopes of an element, stable or radio- 
active, have the same chemical properties. 
Therefore if a radio-isotope is mixed with the 
stable element it will behave in all chemical 
and biological processes exactly as does the 
stable element, but it will in addition emit radi- 
ation which will betray its presence and there- 
fore that of the stable element. For instance, 
if a chemical engineer wishes to find out 
what happens to the sodium introduced in 
the form of sodium hydroxide at a particular 
place in a chemical operation, all he needs 
to do is to mix with the stable sodium hydrox- 
ide some hydroxide made with radioactive 
11N2?*, which emits beta rays. With a Geiger 
counter, he can follow the hydroxide through 
all stages of the system, finding out how long 
the hydroxide takes to flow from one part to 
another, how much of the sodium reacts with 
one chemical and how much with another, how 
much is wasted, and so forth. ‘This informa- 


EXPERIMENT IV-3 


The Construction of a Cloud Chamber 


. For the successful construction of a diffusion 

cloud chamber, it is important to have an 
air-tight vessel. A glass jar with a screw-on 
metal lid, such as a peanut butter jar, is 
suitable. A rubber gasket should be cut 
to make an air-tight seal. 
Onto the inside of the lid there should be 
glued a piece of black velvet using prefer- 
ably a rubber-based glue. The chamber 
cannot be used until the glue is thoroughly 
set. To the inside of the bottom of the jar 
a circle of velvet is glued, the hole in the 
centre of the circle being left big enough 
so that you can easily see what is going on 
in the chamber. Then a strip of dark 
coloured blotting paper, of width equal to 
the depth of the jar, should be inserted into 
the jar to form a collar round its inside. 
The paper should be in contact with the two 
pieces of velvet when the jar is closed. The 
length of the strip has to be such that a 
gap is left between the ends of the paper. 
Now some alcohol can be poured into the 
jar to soak the velvet and blotting paper 
thoroughly, and to leave a reserve of alcohol 
liquid in the jar. Screw the lid of the jar 
on firmly, and then invert the jar, placing 
its metal lid on a block of “dry ice” (solid 
CO,). An intense beam of light should now 
be sent into the jar through the gap left in 
the blotting-paper collar. 


tion can usually be obtained by quantitative 
chemical analysis, but at much greater expense 
of time and labour. 

The radioactive method above is an exam- 
ple of what is known as a tracer technique. 
In the biological sciences these techniques are 
widely used to study the uptake by plants of 
elements from soil. A radio-isotope is first 
incorporated into the earth and then the activity 
of the plants can be measured (Fig. 38-5). As 
another example, the circulation of the blood 
can be studied by injecting a radio-isotope at 
one part of the body and seeing how quickly 
it is transported to another part. 
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Blotting paper 


Metal lid 


Rubber gasket 7 Dry ice 


3. Shortly after the jar is set in the dry ice, 
a mist should be seen to fall in the cham- 
ber. This is due to the condensation of alco- 
hol vapour on dust particles. 

After the dust particles are “rained-out,” 
tracks should appear due to the condensation 
of vapour on the ionization left in the path 
of ionizing particles such as beta rays, alpha 
rays and cosmic ray mesons. Probably the 
sensitive region where the tracks form will 
be near the bottom of the chamber. 

The chamber will not work if there is not 
enough alcohol (make sure there is some 
liquid visible) or if the bottom is not cold 
enough (ensure that the lid makes good 
contact with the dry ice). The “rain” will 
not cease if air is continually leaking in 
(and bringing dust with it) or if the solvent 
of the glue is contaminating the chamber. 


INDUSTRIAL USES 


The beta and gamma rays can penetrate a con- 
siderable thickness of material, and can be 
used not only like x-rays in the examination 
of things which are opaque to ordinary light, 
but also to measure the thickness of, for exam- 
ple, paper which is being made in a factory. 
This use depends on the fact that the thicker 
a material is, the fewer beta rays can pass 
through it. By putting a beta source on one 
side of the paper and a Geiger counter on 
the other, an immediate and continuous mea- 
surement of thickness can be made. If there 
is any variation in thickness as the paper rolls 
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Fig. 38-6. Above deposits of uranium the gamma radia- 
iion is greater than normal. By flying over grounds with 
a scintillation counter, "contours" of equal gamma activity 


through the gauge, the gauge will indicate this 
and the fault can be corrected immediately. 

The penetrating power of gamma rays make 
them ideal for examining heavy metal castings 
for faults. In this work the casting is placed 
between a gamma source and an x-ray film 
which is very sensitive to the gamma rays. If, 
for instance, there is an air hole in the casting, 
the developed film will show a black spot, as 
the air allows the gamma rays to pass more 
freely than would the metal that should have 
been in the hole. 

Neutrons are also used in industrial appli- 
cations of nuclear physics. Neutrons have the 
same mass as hydrogen atoms and are reflected 
very easily by them. Oil drillers want to know 
the nature of the rock through which they are 
drilling as certain types are more likely to hold 
oil than others. By putting a neutron source 
and recorder down bore holes, an idea can be 
obtained of the different types of rock, for 
when the rig is passing strata with a higher 
than normal hydrogen content, more neutrons 
will be reflected back from the rock and there- 
fore the detector will count more neutrons. 
This is called neutron oil-well logging. 

The scintillation detector is also used in the 
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can be plotted. Mining at the highest activity contours 
promises best success. These contours were plotted in the 
Eagle Mine Area, Saskatchewan. 


mining industry, for prospecting possible ura- 
nium-bearing rock. Such rock has a higher 
than normal radioactivity, and thus the atmos- 
phere in a region over it has more radiation 
than it has over ordinary strata. By flying an 
aeroplane carrying a large scintillation detector 
over the country, likely places for drilling may 
be found (Fig. 38-6). 


MEDICAL USES 


In both the diagnosis and the treatment of some 
diseases, radio-isotopes are extremely valuable. 
In diagnosis, radio-isotopes may be used as 
tracers to find if the body is not taking up, or 
not using, certain chemicals that it needs for 
proper health. They may also be used to 
obtain a “photograph”—correctly speaking an 
auto-radiograph—of a diseased organ by inject- 
ing the patient with an isotope which collects 
in the organ under examination (Fig. 38-7). 
A. detector placed over the organ will measure 
the rays given off by the isotope and thus give 
a picture of the parts of the organ which are 
biologically active; any portion which is not 
functioning properly will not have collected any 
isotope and thus will not affect the detector. 


When a radio-isotope is put into the body, it 
By scanning the body with radia- 


Fig. 38-7. 
is taken up by organs. 
tion detectors, the distribution of the isotope, and thus its 


take-up by the organs, can be found. This scan of the 
kidneys suggests by the lack of activity in certain portions 
that only part of the right kidney is functioning properly. 


In therapy, or treatment, the ionizing prop- 
erties of the rays are used. If the ionization is 
sufficiently intense, the cells in which the ion- 
ization takes place may be totally destroyed, 
and if these cells are bad for the body their 
destruction may result in a cure. The gamma 
rays from cobalt-60 are much used in this 
radiation therapy, as is also the radiation pro- 
duced by nuclear machines such as betatrons. 
The gamma rays have the advantage over 
x-rays that as well as being ionizing they are 
more highly penetrating, and thus can attack 
tumors which are deep inside the body. In 
order that healthy tissue may not also be de- 
stroyed, it is arranged that the gamma ray 
source giving a beam of rays rotates around 
the patient in a circle of which the unhealthy 
tissue is the centre. Then these cells always 
receive a radiation dose, whereas healthy tissue 
is only irradiated for part of the time. 


RADIATION HAZARDS 


The fact that radiation can destroy healthy tis- 
sue was mentioned in the previous section, 
and it is therefore important that precautions 
should be taken to ensure that persons do not 
receive an excessive amount of radiation from 
any source. It must be remembered, how- 
ever, that the human race has always been 
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exposed to background radiation from cosmic 
rays and from naturally occurring radioactive 
materials like radium and potassium (radio- 
active ,,K*° occurs naturally with an abun- 
dance of 0.0119% in all potassium) without 
any ill effects which are directly attributable to 
radiation. It must also be realized that the 
controlled use of radiation, for medical pur- 
poses, in industry and in research, is extremely 
worthwhile, and this use will inevitably result 
in people receiving some radiation. 

Doctors have attempted to set standards or 
limits within which people should work so 
that no one receives an excessive amount of 
radiation. These limits are based on the nat- 
ural background radiation mentioned above, 
and on experience gained during the last 60 
years of the effects of radiation on people. 
The unit in which radiation dose is measured 
is the rad. Each year we receive about 0.1 rad 
from natural sources. Only a rough figure 
can be given, as the amount varies greatly 
depending on circumstances. Thus people in 
Denver, Colorado, which is 1 mile above sea 
level, receive about 0.15 rad because the cos- 
mic ray intensity is greater the higher one goes. 
People who live in brick houses receive slightly 
more than those in wooden houses. At present 
it is laid down that those relatively few people 
actually working with radiation should not re- 
ceive more than 5 rads per year, but that the 
general population should not receive a dose 
over their whole body of more than 0.2 rad 
per year, in addition to the natural background 
dose and to medical exposure. You will see 
that the “population” figure is not very different 
from the dose the race has always been receiv- 
ing. From bomb tests up to 1962 the dose 
received by all people was about 0.01 rad per 
year, well below the safety level. The average 
dose received from medical x-ray examinations 
is about 0.05 rad per year. 

Very obvious effects of radiation do not start 
until these safety limits have been far exceeded. 
A person who receives about 100 rads over 
his whole body will be seriously ill, and with 
about 300-500 rads his death is very likely. 
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Fig. 38-8. 


For safety, high-activity sources must be hand- 
led remotely behind thick walls by specially built manipu- 
lead glass windows enable the worker here to 
see what he is doing. 


lators. 


It should be noted, however, that people can 
tolerate these doses over small parts of their 
bodies—in medical treatments, doses far in 
excess of these figures are often given to one 
small part of the body. 


RADIATION PROTECTION 


It is of great importance that workers in the 
radioactive industries should be protected 
against radiation to as great a degree as pos- 
sible, and this is usually done by putting shield- 
ing material between any strong sources and 
the workers. Thus, in the case of nuclear 
reactors, there+is usually at least 6 feet of 
concrete all round the reactors, and all gamma 
rays, neutrons, and so on are absorbed in the 
concrete. In other cases, where radio-isotopes 
have to be manipulated, complicated devices 
have to be built so that the worker can “han- 
dle" the isotopes by remote control, as shown 
in Fig. 38-8, being separated from the radio- 
activity by a thick wall with possibly a window 
of lead glass in it. The thickness of various 
materials required to cut down by a certain 
amount the gamma radiation from fission prod- 
ucts is given in Table 38-1. The thicknesses 
of materials are given (in inches) which will 
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reduce the intensity to one-tenth of the original. 
Two such thicknesses will reduce the intensity 
by a factor of 10?, three such by a factor of 
10, and so on. 


Table 38-1 
APPROXIMATE THICKNESSES OF MATERIALS 
WHICH WILL REDUCE THE INTENSITY OF 
FISSION PRODUCT GAMMA RAYS TO A TENTH 


Lead 2S n Earth 18 in 

Steel 3.7 in Water 26 in 

Concrete 12 in Wood 50 in 
FALL-OUT 


One of the problems associated with the 
fission process is that the fission products are 
radioactive, giving off radiation which is of 
the same nature and which has the same effects 
as x-rays or beta rays. The fuel elements 
taken from a reactor have therefore to be 
handled by remote control, and all wastes from 
the chemical processing of the spent fuel ele- 
ments have either to be stored until the activity 
has dropped to a low value, or else diluted 
with large amounts of water before being dis- 
charged into rivers or oceans. 

In the bursting of an atomic bomb, these 
fission products get spread over large areas. 
If a bomb bursts near the ground, the fission 
products become bound to dust particles sucked 
up from the ground, and quickly fall back to 
the ground, giving an intense activity spread 
over perhaps hundreds or thousands of square 
miles. This is called local fall-out of the radio- 
activity. In the case of larger bombs, much 
of the activity is carried up to the upper part 
of the atmosphere and may not return to earth 
for many months or years. By this time most 
of the isotopes with short radioactive half- 
lives will have decayed, and the long range 
fall-out therefore consists mainly of long-lived 
isotopes such as zirconium-95 (half-life 75 
days), strontium-90 (half-life 28 years), and 
cesium-137 (half-life 30 years). The last 


two can be incorporated into the body as they 
are chemically similar to calcium (used to 
make bone tissue) and potassium (in muscle) 
respectively. 


NUCLEAR MACHINES 


In these last chapters there has often been men- 
tion of nuclear reactors as sources of electrical 
energy and sources of neutrons for nuclear re- 
actions. For other reactions we must have 
sources of fast protons, deuterons and alpha 
particles, and different types of machines are 
used to give the particles the necessary ener- 
gies. The Cockcroft-Walton machine pro- 
duces voltages up to a few million volts by 
means of a continuous process of charging 
condensers in parallel and discharging them in 
series; it then accelerates protons in the elec- 
tric field between the high voltage terminal and 
the ground. The Van de Graaff generator 
(Fig. 38-9) also produces a high electrostatic 
voltage. In it, charges are sprayed onto a 
moving belt made of insulating material which 
then carries the charges to the high voltage 
terminal where they are removed; the continual 
charging of the terminal keeps its voltage high 
despite the current drain on it. 

The cyclotron uses a different principle 
entirely. Fig. 38-10 shows that there are two 
D-shaped electrodes across which a radio- 
frequency (RF) electric field can be devel- 
oped. The whole system is in a magnetic field 
which is perpendicular to the D's. Protons 
get accelerated across the gap between the D's, 
and are then curved round by the magnetic 
field. As a result they come to the gap be- 
tween the D's again. The frequency of the 
RF field is such that if the left hand D were 
negative with respect to the right hand one at 
the first crossing of the gap, it is now positive, 
so that once more the protons get accelerated. 
Now they have a higher energy, and will de- 
scribe a larger circle under the influence of 
the magnetic field. Once again they come to 
the gap, again to be accelerated, and so on. 
Each acceleration results in a larger radius of 
circle, so that they spiral outwards and finally 


Fig. 38-9. The Van de Graaff generator at Chalk River, 
Ontario, can produce protons with energies of up to 
12 MeV, and use them to cause nuclear reactions. 


will emerge from the D's as shown. During 
the acceleration they may travel many miles, 
and if there were many atoms in their path 
they would lose their energy by collision. As 
a consequence, all nuclear machines have to 
be evacuated of all air. 

The betatron is like a transformer except 
that the secondary is just a single turn of elec- 
trons rather than a wire. The electrons nat- 
urally have to be contained in an evacuated 
vessel, called a doughnut because of its shape, 
but just as the electrons in the wire of a trans- 
former gain energy when the magnetic field 
in the primary of the transformer changes (and 
so give rise to a current in the secondary), so 
the electrons in the doughnut gain energy. As 
they do not lose their energy by collision, they 


Fig. 38-10. In the cyclotron, ions gain energy from a 
radio-frequency field as they cross the gap in the D's. A 
magnetic field keeps them going round in spiral orbits. 
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Fig. 38-11. Canada's first full-scale nuclear reactor for 
electrical energy production is at Douglas Point. The 
domed building contains the reactor and the cubical build- 


can keep on gaining energy until they have 
energy equal to that which they would have 
had if they had fallen through a potential of 
perhaps a hundred million volts. 

The very high energy machines, giving pro- 
tons with energies of thousands of millions of 
volts, are generally synchrotrons in which, as 
in the cyclotron, they gain energy from an RF 
field while being guided by a magnetic field. 
However, the protons travel in a doughnut as 
in the betatron. The distances travelled by the 
particles during the acceleration are fantastic— 
in one of the machines at Brookhaven, Long 
Island, U.S.A., the protons travel a distance of 
a quarter of a million miles, equal to the 
distance to the moon. But as they are travel- 
ling at just under the velocity of light, they 
take little more than one second on the trip 
(Fig. 37-9, p. 374). 
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ing next to it is the turbine house. The drawing shows 
how heat is removed from the reactor and used to drive 
the electric generators in the turbine house. 


ELECTRICITY PRODUCTION 

Since 1956, electricty has been produced on a 
commercial scale from nuclear energy, and in 
Canada a prototype power station based on 
the principles of nuclear physics went into 
operation in 1962. The fission of uranium is 
the source of the energy, and the heat produced 
in this nuclear reaction is used to produce 
high-pressure steam which then turns the tur- 
bines connected to the electrical generators. 
The fact that very little fuel is used makes these 
nuclear power stations particularly suitable for 
use in the Arctic. Already nuclear energy 
has been used in these regions in the “atomic 
submarines” which have sailed under the Arctic 
sea ice (Fig. 38-12). Surface ships driven 
by nuclear energy have also been built (Fig. 
38-13). More and more of the electricity 
production in Canada (Fig. 38-11) and other 
countries will be from nuclear energy. 


FORWARO 
TORPEDO ROOM 
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Fig. 38-12, The submarine U.S.S. Nautilus 
was the first nuclear-powered ship. It is 
shown here along with an artist's impres- 
sion of its interior. 


reed 


APPLIED NUCLEAR PHYSICS 


Fig. 38-13. The nuclear-powered merchant vessel Savannah 
was launched in America in 1959. 


ISES and PROBLEMS 


A 


1. Give a list of at least five applications of 
nuclear physics in industry and research. 

2. Why is it essential in the metal-vane electro- 
scope that the vane be very thin? 

3. Give a list of reasons why radioactive tracer 
techniques are particularly useful in industry and 
research. ‘ 

4. Radioactive ,,Na?* is made by the irradiation 
of stable sodium, ,,Na?*, by neutrons. Write 
down the nuclear reaction equation representing 
this process. 

5. Cobalt-60 is used in radiation therapy. Write 
down the nuclear reaction equation representing 
its formation from stable „Co by neutron ir- 
radiation. 

6. Cobalt-60 sources used in therapy have nor- 
mally an activity of a thousand curies or more. 
How many disintegrations per second are there 
in a 1 kilocurie source? 

7. One mode of decay of ,,K!? is by electron 
emission. To what nucleus does it so decay? 
Potassium-40 may also transmute by the absorp- 
tion of an electron. To what nucleus will it be 
so transformed? 


B 
8. The fission of ,,U?85 may be triggered by the 
capture of a neutron. Four of the possible modes 
of break-up of the resultant nucleus gU?86 result 
in the formation of , Zr, 4,Sr?, Q,,L?! and 
=sCs'87. In the case of the last, the nuclear 
reaction may be written ọn! + xU — gy C87 
+ Q,Rb9?9 + 3n!. On the assumption that each 
of the other modes of fission also results in the 
emission of 3 neutrons, write down the nuclear 


reaction equations for the other three cases. 
9, The strength of the radio frequency field ap- 
plied to the D's of a certain cyclotron is such that 
a proton gains an energy of 11 000 electron-volts 
each time it crosses from one D to the other. 
How many revolutions must a proton make to 
gain a total energy of 4.4 MeV? If the average 
radius of the spiral path followed by the proton 
is 12 cm, what is the total distance travelled by 
the proton during the acceleration? 

10. The power rating of a certain automobile is 
100 kilowatts. Assuming that the car is used on 
an average for 1 hour per day, and that the engine 
is only able to convert 2096 of all available energy 
to useful work, calculate the mass of ,,U*** which 
could keep the car going for 4 years. Use the 
data given in Exercise 37-13. 


C 
11. In a Geiger counter tube, an ionizing particle 
may give up an energy of 1 MeV to the gas in 
the tube. An “avalanche” process may then take 
place, by which the number of original ionizations 
is greatly increased, and which therefore results in 
the production of large numbers of electrons. 
These are attracted to the positive electrode and 
flow through the resistance R of Fig. 38-2. This 
flow of charge through the resistance gives rise 
to a voltage across the resistance which will persist 
while the charge flows. If a voltage of 1 volt 
exists across the resistance, whose value is 10? 
ohms, for 3 x 10-6 seconds, calculate the energy 
amplification that has taken place due to the 
“avalanche.” Where has the extra energy come 
from? (Hint: Calculate first the energy in joules 
associated with the current in the resistance, 
then convert the original energy of 1 MeV to 


joules.) 
385 


in OD 


MATTER WAVES 


In the nineteenth century it seemed clear that 
matter was particles and that radiation was 
waves. As we have seen, experimental results 
in the twentieth century required the idea that 
radiation has a particle aspect. The quantum 
theory of radiation was successfully applied to 
the relation between energy and frequency of 
radiation, to the absorption of radiation by 
metals (the photoelectric effect), and to the 
emission and absorption of radiation by atoms 
(the Bohr theory). 

By about 1930 the twentieth century’s revo- 
lution in physics had been completed by the 
discovery that matter can exhibit wave proper- 
ties. It is now necessary to say that both 
matter and radiation are both waves and par- 
ticles. Or it should be said, rather, that no 
one knows what matter and radiation are, but 
that some experiments require a wave descrip- 
tion, and other experiments require a particle 
description. In any event, the evidence is 
clear and unmistakable and after more than 
a generation physicists have become accus- 
tomed to the dual nature of their fundamental 
concepts. When travelling through space, 
photons and electrons can exhibit interference: 
they behave like waves. But they are emitted 
and absorbed only in whole packages: they 
behave like particles. 

The experimental evidence for the interfer- 
ence of electrons came in 1927. In the United 
States, England, and Japan, experimenters 
found interference patterns when beams of low 
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energy electrons were reflected from or trans- 
mitted through crystals of various materials. 
Since that time, similar interference effects 
have been observed with particles as large as 
helium atoms. The interference patterns from 
beams of particles have the same appearance 
that one would expect from x-rays of the same 
energy. 

Proposing that an electron has a wavelength 
must sound pretty strange. How could any- 
one have thought of such an outlandish idea? 
L. de Broglie, in France, in 1924, suggested 
the idea of matter waves to keep the picture of 
nature symmetrical, much as Faraday had done 
a hundred years earlier in connection with elec- 
tricity and magnetism. This approach to the 
question can be followed by examining the 
properties of x-ray photons more completely 
than we have done so far. 

When radiation is absorbed by an electron, 
the electron is set into vibration, and it re- 
radiates the energy. In classical physics the 
energy radiated by the electron has the same 
frequency (and wavelength) as the original 
radiation. In 1922, A. H. Compton in the 
United States observed that when X-rays were 
absorbed by the electrons of carbon atoms, 
the re-radiated x-rays had a longer wavelength 
than the incident x-rays. To explain his ob- 
servations, Compton suggested that the action 
between the photons and the electrons was a 
collision, of much the same nature as the col- 
lision between two billiard balls. In such a 


Uses. . 


Fig. 39-1 


THE DE BROGLIE 
RELATION 


A photon travels in vacuum at the speed of 
light, c. Its frequency f and wavelength A are 
related by the equation 

€ z fA. a) 
The energy of the photon is 

Ezhf (2) 
where A is Planck’s constant. From equation 
(1), 


C. 
ee (3) 


Substituting from (3) into (2) gives 
hc 
E=—: 4 
p: (4) 
The rest mass of a photon is zero, but it does 
possess a mass m when travelling at speed c, 
given by Einstein's relation 
E = mæ. (5) 


collision there is conservation of a quantity 
called momentum, defined as the product of 
mass and velocity. Compton was able to de- 
termine that the momentum of photons varies 
inversely as their wavelength. Since the re- 
radiated x-rays had a longer wavelength after 
the collision, they must have lost momentum. 
This momentum was transferred to the elec- 
trons with which the photons collided, causing 
the electrons to bound away with increased 
momentum and kinetic energy. Measurements 
of the properties of the x-rays and electrons 
after collision were consistent with calculations 
based on Compton’s idea. 

The mathematical relations between the 
wavelength and momentum of photons, and de 
Broglie’s application of the relation to elec- 
trons are shown in Fig. 39-1. De Broglie 
argued, in effect, “if photons of radiation have 
a momentum associated with their wavelength, 
then possibly material electrons have a wave- 


MATTER WAVES 


The two relations for energy, (4) and (5), may 
be equated, 
me = he 
A 


which gives me = ^ (6) 


The product of the mass and speed of a photon 
(or any other particle) is called its momentum. 
The momentum of a photon of radiation varies 
inversely as its wavelength. 

An electron of mass m, travelling at speed v, 
has a momentum mv. De Broglie's relation 
looks like a simple re-writing of equation (6) 

Ac a (7) 
my 
This means that a particle of matter has 
a wavelength that varies inversely as its 
momentum. 


length associated with their momentum." So 
he proposed that electrons (and other par- 
ticles) have wavelengths that vary inversely 
as their momentum. 

De Broglie’s relation forms one of the foun- 
dations of the quantum theory of matter, par- 
ticularly the form of it called wave mechanics. 
Suppose that an orbital electron of an atom 
behaves like a wave. The three-dimensional 
appearance of such a wave in space is difficult 
to visualize. But we can imagine the wave 
travelling along the circumference of a circle 
around the nucleus. Only for circles of cer- 
tain radii will the electron wave be able to 
reinforce itself, and maintain its energy. For 
other radii the wave will interfere with itself 
(Fig. 39-2) and dissipate its energy. Electron 
waves will be maintained only when the cir- 
cumference of the circle is a whole number of 
wavelengths (Fig. 39-3). Calculations show 
that the circles which fit the electron waves 
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Fig. 39-2. In order to have a resonance in the electron 
wave round a nucleus, the orbit must contain an integral 
number of wavelengths. In this illustration it does not, 
and so this orbit is not “allowed.” 


Fig. 39-4. The intensity of the particle wave at a point 
(that is, the square of the amplitude) gives the probability 
of finding the particle at that point. Effectively, then, the 
particle is located within its wave packet. 
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Fig. 39-5. On a graph of particle speed against size, 
classical physics is only valid in a region bounded by 
relativity and quantum theory. These may also have 
boundaries—if so, what lies beyond? 
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Fig. 39-3. These electron waves about the nucleus of an 
atom are in resonance, and their radii correspond to the 
Bohr orbits with n = 1, 2, 3, 4, 5 and 6. (The waves are 
not drawn to scale.) 


correspond accurately to the Bohr orbits. That 
only certain orbits are possible, then, is the 
result of the wave nature of electrons. 

One way of visualizing a wave-particle is to 
suppose that the tiny particle is located some 
place within the wave packet (Fig. 39-4). The 
wave is a "guide" for the particle as it travels 
through space. This description of particles 
is necessary only when the de Broglie wave- 
length is of the same magnitude as the dimen- 
sions of the particle. For particles bigger than 
atoms and molecules the de Broglie wavelength 
is much too small to be an effective guide. 
Then the motion of dust motes and pin heads 
is adequately described by the classical me- 
chanics of Newton. 

Physics in the twentieth century has been 
able to determine clearly the limitations of 
classical physics. As shown in Fig. 39-5 
classical physics is satisfactory only for dimen- 
sions greater than about 10-? m and for 
speeds less than about 107 m/sec. Beyond 
these boundaries quantum theory and the the- 


ory of relativity must be used. In the domain 
of classical physics the two modern theories 
supply the same results as classical physics. 


EXERCISES and PROBLEMS 


A 


1. Describe an experimental arrangement in which 
the behaviour of light can be satisfactorily des- 
cribed only if light is presumed to have (a) 
wave-like properties, (b) particle-like properties. 


2. In what circumstances do electrons exhibit (a) 
particle-like properties, (b) wave-like properties? 


c 
3. Using the approximation h ~ 10—*? joule.sec 


MATTER WAVES 


However, the latter is usually preferred where 
it applies because its formulations are simpler 
and more familiar. 


for Planck's constant, estimate the de Broglie 
wavelength associated with 
(a) an electron of mass m = 10-3 kg, travel- 
ling at a speed of v & 107 m/sec; 
(b) a ball of mass m = 1 kg, travelling at a 
speed of v == 10 m/sec. 
4. The wavelength of x-rays in Compton's ex- 
periment was about 7 x 10-!! metre. Using 
h=7x 10—* joulesec for Planck's constant, 
and c — 3 x 10% m/sec for the speed of light, 
calculate the mass of such an x-ray photon correct 
to one digit. 
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EPILOGUE 


ENERGY AND MATTER 


The concept of energy has been a theme run- 
ning throughout our study of physics. Al- 
though energy appears in many guises it pro- 
vides the basis for broad generalizations that 
make physics important and useful. In this 
epilogue we conclude our study with an exam- 
ination of the range of application of physical 
principles and apparatus. 


ENERGY AND PARTICLES 


A number of conservation principles lie at the 
foundation of physics. Each one states that 
within a closed system a certain quantity re- 
mains constant. A British philosopher has 
written: "In order that physics as a science 
should be possible it is necessary that we 
should be able to consider some characteristics 
in isolation from other characteristics." She 
says further 'that "physicists have been suc- 
cessful in regarding the physical world as sep- 
arable into small systems, and into sub-systems 
of those systems with respect to which physical 
statements can be made.” Then: “Later we 
can go on to say that these systems are only 
relatively isolated, and that a completely iso- 
lated system is a convenient fiction.” 

Several conservation principles have been 
useful in our study; the conservation of elec- 
tric charge has been helpful on more than one 
occasion. Two others refer to numbers of 
particles within a closed system: firstly, the 
number of heavy particles (such as neutrons 
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and protons) remains constant, and secondly, 
the number of light particles such as electrons 
and positrons* remains constant. (In these 
principles anti-particles must be considered as 
negative. Since a positron is an anti-electron, 
the conservation sum of 13 electrons and 5 
positrons is 8.) 

The most useful conservation principle, that 
of mass-energy, includes all kinds of potential 
and kinetic energy, the energy of radiation, and 
the rest mass of matter. Research in the twen- 
tieth century has indicated that everything can 
be reduced ultimately to indivisible particles. 
That is quite obvious for matter, and we have 
seen that radiant energy also has a particle 
aspect. We seem to be forced to conclude 
that whenever energy is experienced, by man 
or machine, it has a “grainy” structure, whether 
it comes in the form of radiation or of matter. 

At the beginning of the twentieth century 
there was some doubt even about the particle 
structure of matter. We saw in Chapter 1 that 
Jean Perrin compiled a number of indepen- 
dent determinations of Avogadro’s number 
(N,) to support the atomic theory. Now, we 
are in a position to examine several methods 
in enough detail to show the breadth of physics 
involved. (a) The number of a-particles 
emitted by radium can be counted, and the 
amount of helium they form can be measured. 


* Positrons are particles that are like electrons in all 
respects except that their charge is positive. 


Recall that a-particles are nuclei of helium. 
(b) The interference of x-rays reflected from 
the ions in sodium chloride can be used to 
measure the distance between adjacent ions. 
(c) The charge of one mole of electrons (that 
is, N, electrons) can be measured from the 
amount of electricity needed to liberate one 
atomic mass of hydrogen from an electrolyte. 
A sample calculation is given for each method. 

(a) A scintillation counter can be used to 
find the number of a-particles emitted from a 
measured mass of radium. It is found that 
one gram of radium emits 3.7 x 10" q-par- 
ticles per second. In the course of a year 
7.4 x 10-9 gram of helium has been collected 
from the disintegration of one gram of radium. 
The mass of one mole of helium atoms is 4.0 
grams, and there are 3.16 x 10* seconds in 
one year. 

The number of q-particles emitted in one 
year is 3.7 x 10!9/sec x 3.16 x 10* sec/yr = 
1.17 x 10!5/yr. The fraction of one mole of 
helium that was collected in one year is 

7.4 x 10-9 g/yr 

4.0 g/mole 
Then, the number of particles per mole is 
1.17 *ed0!5/yr 
Nus 1.85 x 10-5 mole/yr 


— 6.3 x 10?3/mole. 


= 1.85 x 10-9 mole/yr. 


(b) In crystals of sodium chloride the ions 
of sodium and chlorine are located alternately 
at the corners of cubes (Fig. E-1). The 
planes of ions in this regular arrangement are 
able to reflect x-rays. An interference effect 
has been found whereby there is a maximum 
reflection at a definite angle that depends on 
the wavelength of the x-rays. When the x-ray 
wavelength and angle of strong reflection are 
measured, the distance between adjacent planes 
in sodium chloride can be calculated to be 
d = 2.820 x 10-8 cm. One mole of sodium 
chloride (m = 58.44 g) consists of one mole 
each of the ions of sodium and chlorine, or 
2 N, ions in all. The volume V, of one mole 
of sodium chloride can be calculated knowing 
that its density is 2.164 g/cm?. The average 
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Fig. E-l. 


In a crystal of sodium chloride the sodium and 
chlorine ions ore located alternately at the corners of 


cubes. Each cube will have a volume d3. 


volume of an ion in the crystal is V, = d*. 
Then, the two moles of ions, each of volume 


N,V, are contained in a volume V,. Then, 
V, 
KiS ap 
The volume of one mole of sodium chloride is 
m 
v= D 
_ 58.44 g/mole 
~ 2.164 g/cm* 


= 27.01 cm?/mole. 
The average volume of one ion is 
pod. 
= (2.820 x 10-* cm)?/ion 
= 2.243 x 10-?* cm?/ion. 
Then, 
V. 
Af = X; 
27.01 cm?/mole 
72 x 2243 x 10-8 cm3/ion 
= 6.021 x 10? ions/mole. 


N 


(c) In electrolysis one electron is needed for 
each atom of hydrogen that is liberated. To 
produce 1 mole of hydrogen atoms (one atomic 
mass) requires one mole of electrons. Accu- 


rate measurements reveal that 9.6486 x 10° 
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Fig. E-2. This spectrum of energy per portide extends 
from the energy of a water molecule after it hos fallen 
through o height of 450 ft to the energies of cosmic rays. 


coulombs of electricity liberate one mole of 
hydrogen atoms. That, then, is the charge of 
one mole of electrons. Since each electron has 
a charge of 1.6021 x 10-™ coulomb, the 
number of electrons in one mole can be calcu- 
lated: 

Nea 9.6486 x 10° coulombs/mole 

à 1.6021 x 10—!* coulomb/electron 

= 6.0225 x 10?* electrons/mole. 
Most accurately, Avogadro's number is 
N, = (6.022 46 + 0.000 17) x 10-?3/mole. 

These and other determinations of Avo- 
gadro's number are drawn from throughout the 
broad range of physics. There can be little 
doubt that Perrin's confidence in atoms has 
been fully justified. 


Energy comes in particles, in quanta of 
matter and of radiation, with energies ranging 
over the spectrum illustrated in Fig. E-2. 
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Special mention should be made of two of the 
items in the illustration. (a) Most of the 
energy that we use in daily life comes from the 
energy of falling water and the burning (oxi- 
dation) of carbon. The relatively small yield 
of energy per particle in these processes means 
that very great numbers of particles must be 
involved. (b) When a positron encounters an 
electron, both are annihilated to produce two 
gamma ray photons. The same kind of process 
Occurs when a proton encounters an anti- 
proton, which has the same mass as a proton 
but a negative charge. We could speculate that 
somewhere in the universe there is a planet 
made of anti-matter (positron shells surround- 
ing nuclei composed of anti-protons and anti- 
neutrons). If a space ship from earth landed 
on such a planet we would expect it and an 
equal mass of the planet to disappear into a 
magnificently blinding pulsation of gamma radi- 
ation—matter into energy with a vengeance! 


PHYSICS AND OTHER SCIENCES 


Parts of geology and astronomy have been vir- 
tually taken over by physics in the studies 
called geophysics and astrophysics, Geophy- 
sics, the physics of the earth, is the study of 
the structure and behaviour of the earth, its 
core, land masses and mountains, the oceans 
and the atmosphere. In astrophysics the spec- 
tra of stars are examined to determine the com- 
positions and motions of the stars and galaxies. 

Through the study of atoms and molecules, 
chemistry and physics are very closely related. 
Chemists are concerned with the properties of 
compounds, the molecules of which consist of 
combinations of various atoms, The atoms are 
held together by bonds that depend on their 
outer electrons, and therefore on the structure 
of atoms. In 1929 P. A. M. Dirac, a theoreti- 
cal physicist, wrote: “The underlying physical 
laws necessary for a mathematical theory of 
the whole of chemistry are completely known, 
the difficulty is only that the exact application 
of these laws leads to equations much too com- 
plex to be soluble." However, there seems to 
be no chance that chemistry as a distinct science 
will disappear in the foreseeable future. We 
can say that there is a physico-chemical de- 
Scription of energy and matter in which the 
Separate sciences are difficult to distinguish. 
Physicists and chemists often make use of the 
same experimental data and theoretical formu- 
lations. 

The life of cells depends upon the complex 
Structure of molecules able to maintain their 
Organization by extracting energy from their 
Surroundings. As biologists probe to the 
heart of living cells they make increasingly 
greater use of physical concepts. Photosyn- 
thesis depends on the energy of the photons 
absorbed by chlorophyll: biologists have found 
that between five and ten photons of red light 
are used for each molecule of oxygen produced 
from the water in the cell. Molecular biology 
today involves the study of the availability of 
energy in various compounds, and how it is 
transferred from one to another. Biologists 
also use a wide range of physical apparatus, 


ENERGY AND MATTER 


from optical and electron microscopes to radio- 
active isotopes and million-volt x-ray machines. 

Physical methods also find use in archeology, 
where the age of excavated bones and imple- 
ments can be measured by carbon-14 dating. 
Even the laboratories of some psychologists 
are a maze of wires and electronic apparatus, 
Although physical apparatus is largely a by- 
product, distinct from the major objectives of 
physics, its use in other sciences does contri- 
bute to deepening our understanding of human 
experience. 


SCIENCE AND TECHNOLOGY 

The application of physical principles in work- 
able apparatus often depends on the ingenuity 
of engineers and technicians. These tools can 
then be employed by physicists to add to our 
knowledge. Behind many a scientist there 
stands a glass-blower or instrument-maker 
whose name is seldom heard. Two techno- 
logical achievements in the nineteenth century 
made a great contribution to scientific discov- 
eries: achromatic lenses made possible the 
construction of microscopes for the study of 
cellular structure, and efficient vacuum pumps 
made possible the studies of cathode rays and 
x-rays. Rockets for probing the upper atmos- 
phere (geophysics) and particle accelerators 
for probing the heart of the nucleus (nuclear 
physics) are modern examples of the engineer's 
art. 

At the same time, technological develop- 
ments are becoming more and more closely 
dependent upon scientific discoveries. It is 
quite possible that a cure for cancer will be the 
result of the work of a biologist whose objec- 
tive is simply to learn more about the structure 
and behaviour of cells. The progress of bio- 
logical research in the twentieth century has 
revolutionized the work of medical doctors, 
who are the biological engineers. The prop- 
erties of semi-conducting materials were made 
understandable by the quantum theory of mat- 
ter in about 1930, were developed into transis- 
tors shortly after 1940, and were operating in 
portable radios by 1950. For this reason, 
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Fig. E-3. The launching of the Telstar satellite marked a 
milestone in the development of communications. 


engineers are having to learn more science than 
they did at the beginning of the twentieth 
century. 

The fruits of science and technology are 
knowledge and power, a Siamese-twin genie. 
That they shall be used for the benefit (and 
not the destruction) of mankind requires the 
wholehearted effort of scientists and all citi- 
zens. The wisdom to make sound decisions 
cannot be found in science, but it must depend 
on the picture of experience that scientists 
have drawn. 


IN THE NEWS 


Within two weeks in July 1962, two events 
were reported in the daily press that illustrate 
how a knowledge of physics can help us to 
understand what happens in the world. The 
Telstar satellite (Fig. E-3) was able to receive 
television signals from one side of the Atlantic 
and to re-transmit them to the other side. Thus 
the European and North American television 
systems could be linked into a single network, 
overcoming the lack of ionospheric reflections 
of very high frequency radio waves. A wealth 
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of technological skill, based on scientific knowl- 
edge, was required for the construction and 
launching of Telstar. 

A report of the high altitude explosion of a 
fusion bomb in the South Pacific involved a 
knowledge of nuclear and atomic physics, radio 
physics, and geophysics. A few extracts illus- 
trate the breadth of physics involved: 


PAGO PAGO, SAMOA 
8 JULY 1962 


A second after the broadcast countdown on 
the detonation had run out radios fell silent 
and the entire sky here was lighted as if 
someone had switched on the dawn. Toward 
the north, the cool grey-blue of the sky just 
before sunrise blended sharply into the rich 
orange of a South Seas sunset overhead and 
this gradually turned a flat blood red. 

Most remarkable of all, however, were 
the fine yellow and white lines that arched 
north and south parallel to one another 
through the reddish glow overhead. It was 
the earth’s magnetic field made visible in 
exact detail: 

The auroral activity produced by tonight's 
nuclear burst was most extraordinary. In- 
stead of shimmering red figures of the natural 
Aurora Australis, solid walls of heavy colours 
ranging from yellow oranges to deep reds 
appeared and gradually faded. This unusual 
auroral activity was created . . . [at the] . . - 
two ends of the rainbow-shaped path that 
electrons from the burst took as they spiralled 
back and forth across the equator along the 
lines of force in the earth's magnetic field. 

The effects the observers saw, heard, and 
otherwise detected and recorded were pro- 
duced by the nuclear fission and fusion 
reactions that produced the explosion and 
created a great many neutral particles called 
neutrons, x-rays and gamma rays. These in 
turn struck air atoms, exciting them. Un- 
stable in their excited state, the air atoms— 
principally nitrogen—re-radiated the absorbed 
energy as light. 

At the same time, radios responded to the 
burst's two pulses of radio energy. The first 
was produced when the primary gamma-ray 
photons struck the negatively charged atomic 
particles called electrons, producing second- 
ary photons and electrons that flew rapidly 
away from the center of the burst. 

The second much stronger radio pulse 
was created when large numbers of electrons 


were driven back to the burst point by the 
radial electric field that was created by the 
displacement of electric charge between the 
outrushing electrons and the positively 
charged atomic fragments called ions that 
were left behind. All of this happened within 
the first second. 


A fitting conclusion to our study is provided 


by Sir Isaac Newton's own summary of his 
work: 


I do not know what I may appear to the 
world, but to myself I seem to have been only 
a boy playing on the sea-shore, and diverting 
myself in now and then finding a smoother 
pebble or prettier shell than ordinary, whilst 
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the great ocean of truth lay all undiscovered 
before me. 


PAPERBACK BOOKS 
for Supplementary Reading 
(Average cost approximately $1.00) 
The Challenge of the Universe, by J. Hynek. 
Vistas of Science, 4 (Scholastic Book Services) 
The Universe and Dr. Einstein, by L. Barnett. 
Mentor, MD 231 (New American Library) 
Relativity for the Layman, by J. Coleman. Pen- 
guin A. 442 (Longmans) 
The Universe at Large, by H. Bondi. Science 
Study Series, S. 14 (Doubleday) 
Engineers’ Dreams, by W. Ley. Explorer, X. 5 
(Viking) 
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The speed of light in a vacuum, c 
The elementary electric charge, e 
The number of particles in one mole, Avogadro's 


number, N4 


Planck's constant, A 
The rest mass of an electron, m, 
The rest mass of a proton 
The melting point of pure ice 
The gravitational constant, G 


Name of 
element 


Aluminum 
Argon 
Bromine 
Chlorine 
Copper 
Fluorine 
Gold 
Helium 
Hydrogen 
Todine 
Tron 
Krypton 
Lead 
Magnesium 
Mercury 
Neon 
Nickel 
Nitrogen 
Oxygen 
Silver 
Sulfur 
Xenon 
Zinc 


Element 
Bromine 
Iodine 
Mercury 
Oxygen 


Mass of 1 
mole of atoms 
(grams) 


Solid state 
0.087 at 
0.052 at 
0.033 at 


TABLE I 
FUNDAMENTAL PHYSICAL CONSTANTS 


ug 


Hoo wy 


2.997 930 x 108 m/sec. 
1.602 07 x 10-!? coulomb. 


6.022 46 x 10?3/mole. 
6.6252 x 10—34 joule.sec. 
9.1083 x 10—?! kg. 
1.6724 x 10-27 kg. 
273.1500 °K. 

6.670 x 10-9 N.m?/kg?. 


TABLE Il 
HEAT PROPERTIES OF ELEMENTS 
Specific Melting Boiling Latent Latent 
heat capacity point point heat of heat of 
at 25°C (°c) (°c) fusion vaporization 
(cal/g.deg) (cal/g) (cal/g) 
0.216 660 2330 96 2520 
0.123 —189 —186 T 39 
0.107 -7 60 16 46 
0.144 —101 —34 22 69 
0.092 1080 2580 49 1150 
0.197 —219 —188 3 41 
0.0306 1060 2660 15 377 
1.24 —272 —269 1 5 
3.42 =259 —253 14 107 
0.052 114 184 15 43 
0.107 1535 2800 65 1600 
0.059 —157 —153 5 26 
0.0306 327 1750 6 207 
0.235 650 1120 91 1300 
0.033 39 357 3 71 
0.247 —249 —246 4 21 
0.106 1450 2800 12 1550 
0.248 —210 —196 6 48 
0.219 —219 —183 3 51 
0.0566 961 2190 25 565 
0.170 119 445 9 78 
0.038 —112 — 108 4 23 
0.093 420 910 24 420 
TABLE Ill 
SPECIFIC HEAT CAPACITIES FOR DIFFERENT STATES 
(cal/g.deg) 
liquid state Vapour state 
—25°C 0.107 at 25°C 0.055 at 100°C 
25°C 0.076 at 125°C 0.035 at 200°C 
—50°C 0.033 at 25°C 0.025 at 400°C 
0.396 at —200°C 0.218 at 0°C 


0.343 at —220°C 
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TABLE IV 
DENSITIES OF COMMON ELEMENTS 
Solids and liquids at 209C (g/cm?) Gases at 0°C (kg/m?) 

Aluminum 2.69 Mercury 13.5 Argon 1.78 
Bromine 3512 Nickel 8.90 Chlorine 3.21 
Calcium 1:55 Platinum 21.4 Fluorine 1.70 
Carbon (diamond) 3.52 Potassium 0.87 Helium 0.18 
Carbon (graphite) 2.25 Silicon 2.42 Hydrogen 0.09 
Copper 8.94 Silver 10.5 Krypton 3.74 
Gold 19.3 Sodium 0.97 Neon 0.90 
Iodine 4.94 Sulfur 2.02 Nitrogen 1.25 
Iron 7.90 Tungsten 19.3 Oxygen 1.43 
Lead 11.4 Uranium 18.7 Radon 9.96 
Magnesium 1.72 Zinc 6.92 Xenon 5.90 

TABLE V 


RESISTIVITIES OF COMMON METALS 
(See Table 13-1, p. 152) 


TABLE VI 
MAGNETIC PERMEABILITIES 

Copper 0.999 99 Cobalt 170 
Water 0.999 999 Nickel 1000 
Vacuum 1.000 000 Steel 1500 
Oxygen 1.000 002 Iron 7000 
Aluminum 1.000 02 Permalloy 100 000 

TABLE VII 


SPEEDS OF SOUND IN VARIOUS MEDIA 
(See Table 22-1, p. 228) 


TABLE: VIII 


INDICES OF REFRACTION 
(for the orange-yellow light of sodium) 


Diamond 2.42 Quartz 1.54 

Fluorite 1.43 Ruby 1.76 

Garnet 1.86 Silver chloride 2.07 

Glass (crown) 1.52 Vermilion 2.85 

Glass (flint) 1.65 Water 1.33 

Niobite 2.26 Zircon 1.92 
TABLE IX 


DEPENDENCE OF REFRACTIVE INDICES ON COLOUR 
Colour of light, with wavelength (10—7m) 


Material Red (6.5) Orange (6.0) ^ Yellow (5.8) ^ Green (5.2) Blue (4.7) Violet (4.1) 

Mom glass 1.515 1.516 1.517 1.519 1.523 1.531 

pint glass 1.650 1.652 1.655 1.660 1.669 1.689 
iamond 2.410 2.415 2.417 2.426 2.444 2.458 
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TABLE X 
A LIST OF ELEMENTS WITH ATOMIC NUMBERS AND MASSES 
Element Sym- Atomic Atomic mass Element Sym- Atomic Atomic mass 
bol num- of commonest bol num- of commonest 
ber isotope* ber isotope* 
Actinium Ac 89 227 Mercury Hg 80 200 
Aluminum Al 13 DT Molybdenum Mo 42 98 
Americium Am 95 243* Neodymium Nd 60 142 
Antimony Sb 51 121 Neon Ne 10 20 
Argon Ar 18 40 Neptunium Np 93 237* 
Arsenic As 33 75 Nickel Ni 28 58 
Astatine At 85 210* Niobium Nb 41 93 
Barium Ba 56 138 Nitrogen N 7 14 
Berkelium Bk 97 247* Nobelium No 102 253* 
Beryllium Be 4 9 Osmium Os 16 192 
Bismuth Bi 83 209 Oxygen oO 8 16 
Boron B 5 11 Palladium Pd 46 106 
Bromine Br 35 79 Phosphorus P 15 31 
Cadmium Cd 48 114 Platinum Pt 78 195 
Calcium Ca 20 40 Plutonium Pu 94 242* 
Californium Cf 98 249* Polonium Po 84 210 
Carbon c 6 12 Potassium K 19 39 
Cerium Ce 58 140 Praseodymium Pr 59 141 
Cesium Cs Sb 133 Promethium Pm 61 147* 
Chlorine cl 17 35 Protactinium Pa 91 231 
Chromium Cr 24 52 Radium Ra 88 226 
Cobalt Co 27 59 Radon Rn 86 222 
Copper Cu 29 63 Rhenium m3 75 187 
Curium Cm 96 248* Rhodium Rh 45 103 
Dysprosium Dy 66 164 Rubidium Rb 37 85 
Einsteinium Es 99 254* Ruthenium Ru 44 102 
Erbium Er 68 166 Samarium Sm 62 152 
Europium Eu 63 153 Scandium Sc 21 45 
Fermium Fm 100 253* Selenium Se 34 80 
Fluorine F 9 19 Silicon Si 14 28 
Francium Fr 87 223 Silver Ag 47 107 
Gadolinium Gd 64 158 Sodium Na 11 23 
Gallium Ga 31 69 Strontium Sr 38 88 
Germanium Ge 32 74 Sulfur S 16 32 
Gold. Au 79 197 Tantalum Ta 73 181 
Hafnium Hf 72 180 Technetium Te 43 99* 
Helium He 2 4 Tellurium Te 52 130 
Holmium Ho 67 165 Terbium Tb 65 159 
Hydrogen H 1 1 Thallium TI 81 205 
Indium In 49 115 Thorium Th 90 232 
Iodine I 53 127 Thulium Tm 69 169 
Iridium Ir TI 193 Tin Sn 50 120 
Iron Fe 26 56 Titanium Ti 22 48 
Krypton Kr 36 84 Tungsten w 14 184 
Lanthanum La 51 139 Uranium U 92 238 
Lawrencium Lw 103 257* Vanadium V 23 51 
Lead Pb 82 208 Xenon Xe 54 132 
Lithium Li 3 7 Ytterbium Yb 70 174 
Lutetium Lu TA 175 Yttrium Y 39 89 
Me M k 24 Zinc Zn 30 64 
anganese n 5 55 Zirconi 
Mendelevium Md 101 256* bs. g » X 


* Where an element has no naturally occurring isotope, 


à l the atomic mass of i ificially- 
isotope with the longest half-life is given. REM rente 
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TABLE XII 
PROPERTIES OF SOME ATOMS 
Atomic Element Atomic lonization lonization Mass Numbers Average 
Number radius energy to energy to of natural isotopes atomic 
(10— 19m) remove first remove second (in order of mass 
electron (eV) electron (eV) abundance) (C12 — 12v) 
1 Hydrogen 0.3 13.6 are 1.007 97 
2 Helium 0.93 24.6 54.4 43 4.0026 
3 Lithium 1.52 5.4 75.6 uuo 6.939 
4 Beryllium 1.10 9.3 18.2 9 9.0122 
5 Boron 0.88 8.3 25.1 11 10 10.811 
6 Carbon 0.77 11.3 24.4 12.13 12.011 15 
7 Nitrogen 0.70 145 29.6 14 15 14.0067 
8 Oxygen 0.66 13.6 35.1 16 18 17 15.9994 
9 Fluorine 0.64 17.4 35.0 19 18.9984 
10 Neon 1.12 21.6 41.1 20 22 21 20.183 
11 Sodium 1.86 551 47.3 23 22.9898 
12 Magnesium 1.60 7.6 15.0 24 25 26 24.312 
13 Aluminum 1.43 6.0 18.8 21 26.9815 
14 Silicon 1.17 82 16.3 28 29 30 28.086 
15 Phosphorus 1.10 10.6 19.7 31 30.9738 
16 Sulfur 1.04 10.4 23.4 32 34 33 36 32.064 
17 Chlorine 0.99 13.0 23.8 35 37 35.453 
18 Argon 1.54 15.8 27.6 40 36 38 39.948 
19 Potassium 2.31 4.3 31.8 39 41 40* 39.102 
20 Calcium 1.97 6.1 Bcd 40 44 42 48 43 46 40.08 
26 Iron 1.26 7:9 16.2 56 54 57 58 55.847 
28 Nickel 1.24 7.6 18.2 58 60 62 61 64 58.71 
29 Copper 1.28 73 20.3 63 65 63.54 
30 Zinc 1.33 9.4 18.0 64 66 68 67 70 65.37 
35 Bromine 1.14 11.8 21.6 79 81 79.909 
36 Krypton 1.69 14.0 24.6 84 86 82 83 80 78 83.80 
47 Silver 1.44 7.6 21.5 107 109 107.870 
53 Iodine 1.33 10.4 19.0 127 126.9044 
54 Xenon 1.90 12.1 212 132 129 131 134 136 131.30 
130 128 124 126 
74 Tungsten 1.37 8.0 17.7 184 186 182 180 183.85 
78 Platinum 1.38 9.0 18.6 195 194 196 198 195.09 
192 190 197 
79 Gold 1.44 9 20.5 197 196.967 
80 Mercury 1:55 10.4 18.8 202 200 199 201 200.59 
198 204 196 
82 Lead 1.75 7.4 15.0 208 206 207 204 207.19 
$ 210*2T11*9912* 4* 
92 Uranium 1.50 4.0 238* aia pu 238.03 
* Radioactive isotope 
TABLE XIII 
SINES OF ANGLES 
0° 1° 2s 3? 49 5o 6° 7? 8? g° 
0° 0:000: EON 005035 0050 COTON ORT7E 105) 199" | 139 156 
10° Sre E CA DORM Stain oso ono my 900 |” 309 326 
20° 342 358 375 391 .407 .423 .438 454 469 485 
30° -500 515 .530 545 1339 574 .588 .602 .616 .629 
29 .643 .656 .669 .682 .695 -707 A9 731 .743 755 
50° -766 waki .788 2799 .809 .819 .829 839 848 .857 
60° 866 875 883 891 .899 .906 .914 .921 .927 .934 
70° 240, .946 951 956 961 966 (970 974. 1978 982 
80° 985 988 990.993 .995 996 += (998 = 1999 999 1.000 
90 1.000 E.g. sin 56° = 0.829 Ñ 
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ANSWERS 


Chapter 1. (p. 30) 

3. (a) 1.0 cm?; 125 cm3, (b) x3, (c) 10. 7. (a) 3.2 
litres, (b) 3.2 x 103, (c) 15-cm side. 8, (a) 3.7 
x 10* times, (b) 2.7 x 10-5 times. 9. 5.7 times. 
10. (a) 50°C, (b) 10? mm of mercury, (c) 360°C. 
11. (a) A—4 cal/sec; B—19 cal/sec, (b) B, (c) A— 
4 cal/sec, B—19 cal/sec. 12. At 100°C—250 
ml; at 25°C—200 ml; at 0?C—183 ml. 13. (a) 
1.6 x 10-?? cm?; 10 cm3; 63 x 1023 atoms, 
(b) 1.2 x 10—?? cm’; 7.1 cm’; 5.8 x 1023, 


Chapter 2. (p. 39) 

1. (a) 27°C, (b) 64°C, (c) 16.8°C, (d) 111°C. 
2. (a) 1 cal, (b) 14 cal, (c) 6 cal, (d) 84 cal, (e) 
3.60 x 10? cal. 3. 3.8 x 10? cal. 4. 30 kcal. 
5. 0.030 cal/g.deg. 6. 0.11 cal/g.deg. 7. (a) 1 
cal, (b) 0.2 cal, (c) 9 cal, (d) 3.3 x 102 cal. 8. 
0.062 cal/g.deg. 9. 0.028 cal/g.deg. 12. (a) 1.3 
X 10? cal, (b) 3.5 x 10? cal, (c) 1.0 x 10* cal. 
13.2.5 x 10? g. 14. 0.033 cal/g.deg. 15. 6.0 
X 10* cal. 16.5.5 x 10? cal/g. 17. 5.3 x 10? 
cal/g. 18. 5.5 x 10? cal/g. 19. (a) 540 cal/g, 
(b) 25 cal/g above; 20 cal/g below, (c) 4.6%; 
3.8%. 20. (a) 560 cal, (b) 2.00 x 104 g. 21. 
50 cal/sec. 22. 52 x 10? cal/g (assume initial 
temperature of water to be 20°C). 23. 5.9 x 
10? cal/g. 24. 4.0 g. 25. 50 min. 


Chapter 3. (p. 52) 
4. 1070 yd; 130 yd [south]. 5. 9.4 x 10? ft [S 
62? W] 6.29 mi 7. (a) 37 ft, (b) 52 ft, (c) 37 


ft. 8. (a) 16.0 cm [down], (b) 0, (c) 11.3 cm 
[down at 45°]. 9. (a) 11.4 cm/sec, (b) 0.17 
m/sec, (c) 3.6 x 102 ft, (d) 26.7 km, (e) 6.7 hr, 
(f) 5.0 x 10? sec. 10. (a) Yes; 38 m.p.h., (b) no, 
(c) no, (d) no. 11. (a) 38 m.p.h., (b) 38 m.p.h. 
[west], (c) 112 mi, (d) 5.3 hr. 12. (a) 6.00 m/sec, 
(b) O. 13. (a) 8 min, (b) 440 ft. 14. (a) 73 ft/sec, 
(b) 10 ft/sec. 15. (a) 15 ft/sec, (b) 3.6 ft/sec [west]. 
16. 4 m.p.h. 17. 50 m.p.h. 18. (b) 20 ft, (c) 12 
Sec, (d) 7.5 ft/sec, (e) (i) 10 ft/sec, (ii) O. 19. 
(a) (i) 33 km/hr, (ii) 20 km/hr, (b) 8 hr. 20. (a) 
75 m.p.h. [east], (b) 20 m.p.h. [east], (c) 10 m.p.h. 
[west], (d) 0. 21. (a) 10 m.p.h. [south], (b) 10 
m.p.h. [north], (c) 90 m.p.h. [north], (d) 100 
m.p.h. [south]. 22. 80 m.p.h. 23.2 hr. 24.20 
mun. 25. Cadillac; 3 min. 26. (b) 74 to 58, (c) 
1% hr, (d) 48 m.p.h., (e) 36 m.p.h., (f) 42 to 45. 
27. (a) 17 m.p.h., (b) 8.8 m.p.h. [N 289 E]. 28. 
1.6 hr. 29. (a) 47 ft/sec [south], (b) 31 ft/sec 
[north]. 31. (a) 280 m.p.h., (b) 330 m.p.h., (c) 
304 m.p.h. 32. (a) N 53° W, (b) 13 km/hr, (c) 
12 min, (d) 12 min. 33. (a) 12 vt, (b) 2v. 34. (b) 
7 min, (c) 13 mi, 
Chapter 4, (p. 64) 
= (à) 0. 4, 75 m.p.h./sec [up]. 5. 32 ft/sec? 
[own]. 6. (a) 3.5 m.p.h./sec [west], (d) 5.7 sec. 
- (a) 6.0 cm/sec? [north], (b) 32 ft/sec? [down], 
D 29.4 m/sec [down], (d) 44 km/sec [east], (e) 
‘5 m.p.h. [south], (f) 24.3 m/sec [north], (g) 3.8 
Sec, (h) 1.4 x 10-8 hr. 9, (a) 4.2 ft/sec, (b) 1.4 


sec. 10.5.3 sec. 11.5.0 x 10-2 m/sec? [south]. 
12. 3 m.p.h./min [east]; 180 mi/hr? [east]. 13. 
45 ft/sec [south]. 14. (a) 2.38 x 10? (km/hr)/sec, 
(b) 66.1 m/sec?. 15. (a) —4 ft/sec? [up the in- 
cline], (b) 0; 8 ft/sec [down the incline]; 20 ft/sec 
[down the incline]. 16. 6 sec. 17. 38 ft/sec? 
[forwards]; 2.7 ft/sec? [backwards]. 18. (c) 5.0 
m.p.h./sec [east], (d) 3.0 m.p.h. [east]. 19. (a) 22 
ft/sec [down the incline], (b) 20 sec, (c) 2.5 x 
10? ft. 20. 1.6 x 10? ft. 21. (a) 2.2 ft/sec?, (b) 
7.5 x 10—? ft/sec?, (c) 2.000 x 10-1 cm/sec?. 
Tu (b) 30 sec, (c) 180 cm/sec, (d) 85 cm/sec, (e) 


Chapter 5. (p. 78) 

2. (a) 0, (b) 120 Ib [up], (c) 5 Ib [forwards]. 5. 
1.4 N [down the incline]. 6. (a) 0.66 N, (b) 0.16 
m/sec?, (c) 12 kg. 7. 0.78 m/sec?. 8. 24 kg. 
9. 2.0 x 10? [east]. 11. 0.15 N [west]. 12. 45 
N [north]. 13. (a) 1.8 m/sec?, (b) 14 m/sez. 14. 
(a) 0.32 m/sec? [west], (b) 0.80 m/see [west]. 16. 
40 sec. 17. (a) 200 N [up], (b) 8040 N [up]. 19. 
(a) 4.0 m/sec? [forwards], (b) 20 N [forwards]; 
P, (c) 20 N [backwards] on P, (d) 16 N [for- 
wards]. 20. 1.5 sec. 21. (a) 2.5 m/sec? [for- 
wards], (b) 12.5 N [forwards] (20 N [forwards] 
by P and 7.5 N [backwards] by surface), (c) 20 N 
[backwards] on P and 7.5 N [forwards] by Q on 
surface, (d) 10 N [forwards]. 22. 10.9 m/sec?. 
23. (a) 12.5 sec, (b) A—5.0 m/sec; B—3.0 m/sec. 
24. 8.0 sec. 


Chapter 6. 
1. 6 ft. 3. 32 ft/sec; 64 ft/sec; 96 ft/sec: 128 
ft/sec; 160 ft/sec; 320 ft/sec. 4. 0. 5. 68 ft/ 
sec [up]; 36 ft/sec [up]; 4 ft/sec [up]; 28 ft/sec 
[down]. 6. 6 sec; 96 ft/sec. 7. (a) 12 N, (b) 4500 
N, (c) 500 N, (d) 1 x 105 N. 10.9 N; 4N. 13. 
1.1 x 10? m/sec. 14. 1.8 sec. 15. (a) 120 N, 
(b) 40 N, (c) 160 N, (d) 4 times. 16. (a) 1.0 x 
105 N, (b) 2.5 x 105 N, (c) 25 m/sec?, (d) 1.5 
x 103 m/sec, (e) 2.1 x 10? sec. 18. 0.4 times 
that at earth's surface. 19. 10—9 N. 20. 5.3 x 
1022 N. 
Chapter 7. (p.97) . 
1. (a) 40 cm?, (b) 40 g, (c) 40 g, (d) 70 g. 2. (a) 
30 g, (b) 30 g, (c) 30 cm?, (d) 30 cm’, (e) 8.9 
g/cm?, (f) 89. 3. 19. 4. 79. 5. 43 x 10? 
Ib/ft?; 1.1 x 109 Ib. 6.2.7 x 102]b. 7.2.8. 8. 
(a) 0.4 Ib, (b) 0.5 Ib, (c) 2.5 Ib. 9. (a) 20 g, (b) 
20 g, (c) 14 g, (d) 14 g, (e) 0.70. 10. 0.80. 11. 
(a) 200 cm3, (b) 1.9 x 10? cm8, (c) 67 cm?. 12. 
(a) 260 g, (b) 200 cm3, (c) 200 cm?. 13. (a) 80 g, 
(b) 0.67 g/cm?. 14. 0.88. 15. 0.808. 16. 1.84. 
17. (a) 068 g/cm?, (b) 0.68, (c) 0.68. 18. 14. 
19. (a) 72.5 cm?, (b) 1.16 g/cm?. 20. (a) 0.88, 
(b) 1.2. 22. 3.6 x 10? kg. 23.4.5 x 10? m8. 
24. 48 g [down]; 78 g [up]. 
Chapter 8. (p. 106) 
2. (a) 100 J, (b) 99 J, (c) 500 J, (d) 500 J, (e) 2.5 
x 1027. 3.20 m. 4.70 N. 5.1.9 x 10"! J. 
401 


(p. 87) 


ANSWERS 


6.63 x 1031 J. 7. 1.3 x 103 J. 8.60 J. 9. 
E, + E, = 60J + 300 J = 360 J. 10. 150J. 11. 
6.3 J. 12. (a) 2.4 x 10? J, (b) 6.4 x 10? J. 13. 1.6 
x 103 J. 14. (a) 2.4 x 105 J, (b) 9.7 x 10° J. 
15. 2 x 10? watts. 16. 4.5 x 10° J. 17. 10 min. 
18. 2.1 kW; 2.8 hp. 19. 4.5 m. 20. 4.5 m/sec; 
1.7 J. 21. 5.8 x 106 J; 5.8 x 103 m. 22. 42 J. 
23. 20 m/sec; 20 m/sec. 24. 6.0 x 10? watts. 25. 
17.3 m/sec; 30 J. 26. (i) 17.3 m/sec; 30 J, (ii) 
38.7 m/sec; 150 J. 27.49 x 10—1? J; 1.4 x 
10? watts. 

Chapter 9. (p. 117) 

3. (a) 320 J, (b) 8 m/sec. 4. (a) 1.5 x 10? N, 
(b) 3.0 x 103 J, (c) 6.0 x 10? N. 5.32 x 10? 
J. 6. (a) 500 J, (b) 125 cal, (c) 0.125°C. 7. (a) 
1.2 x 103 J, (b) 2.0 x 10? J, (c) 2.0 x 10? cal. 
9. (a) 0.5 J, (b) 1.0 m/sec, (c) 0.64 m/sec, (d) 
1.6 to 1. 10. (3) 1.2 x 10* J, (b) 15 m; 90 x 
103 J; 3.0 x 103 J, (c) 10 m/sec, (d) 1.2 x 104 
J; 20 m/sec, (e) no. 11. (a) 1 J, (b) 60 J, (c) 12 
cal, (d) 5 J/cal. 12. (a) 4.8 x 107 J, (b) 53 kW. 
13. (a) 4.5 x 10? J, (b) 1.1 x 10? cal, (c) 3.7 
x 10? °C (assuming that the lead does not melt). 
14. (a) 1.2 x 10? N/m?, (b) 4.8 x 10? N, (c) 2.3 
x 10? N. 15.1.1 x 10-8 96. 

Chapter 10. (p. 123) 

7. (a) 600°K, (b) 1200°K. $8. 150 m/sec. 9. 
(a) 36 J, (b) 3 m/sec. 10. (a) 500; 125, (b) 1.8 
x 104 J; 45 x 108 J. 12. (a) 18 J, (b) 32 J, 
(c) 50 J, (d) 10 m/sec, (e) 18 J, (f) 6 m/sec. 
Chapter 11. (p. 138) 

4. (a) 0, (b) +2 units, (c) —4 units. 5. (a) —5 
units, (b) +7 units. 11. —1.6 x 10—? coulomb. 
12. +1.6 x 10-7 coulomb. 13. (a) 3.1 x 1020, 


(b) 6 x 1072. 14. (a) 4; 6 9; 76. 15.9; 8; 5; 
6; 4.9 units. 16. 0.91. 17. 1.60 x 10—!? coul- 
omb. 

Chapter 12. (p. 145) 


2. (a) 3 A, (b) 0.3 A, (c) 120 A, (d) 0.07 A, (e) 
10-5 A, (f) 10-3 A. 3. 1.1 x 10? coulombs. 
4.0.5 coulomb. 5. 150 sec. 6. (a) 2 V, (b) 0.2 V, 
(c) 200 V, (d) 5 x 10* V, (e) 106 V. 7. 10 J. 8. 
8.0 x 10-18 J. 9. (a) 2.0 x 108 A, (b) 20 x 
10? J. 10.2.4 x 103 J. 11.3.6 x 105 coulombs. 
12. 4.3 x 106 J or 1.2 kWh. 13. (a) 3.6 x 10? 
coulombs, (b) 3.6 x 105 J. 14.5 A. 15. (a) 30 
cars/mile; 3.6 x 109 lb/hr, (b) 10 m.p. 16. 
6 x 10-3 cm/sec. 

Chapter 13. (p. 153) 

1. A; C; B. 2. (a) 3 ohms, (b) 500 ohms, i 
ohm. 3.40 ohms. 4.1.5 x io ohms. «12 x 
6.7.5 A. 7. 360 V. 8. 140 V. 9. Within about 3% , 
10. Within 1%. 13. (a) 20 V, (b) 10 ohms, (c) 
R, = 4 ohms; 2/5; Rg = 6 ohms; 3/5. 14. (a) 
240 ohms, (b) 0.50 A, (c) 15 V. 15. (a) 2.0 A, 
(b) 1 ohm. 16. 1.0 A. 17. (a) 5.0 A, (b) 24 
ohms, (c) Ry = 4 ohms; 4/24; Rp = 6 ohms; 
6/2.4. 18. (a) 1.2 ohms, (b) 0.25 ohm, (c) 7.5 
ohms, (d) 1.3 ohms. 19. 18 A. 20. (a) 0.5 A 
(b) 0.25 A, (c) 1 A. 21. (b) 2.2 x 10? ohms; 1.1 
x 10? ohms, (c) yes, (d) 1.4 V. 22. (b) 2.5 x 
402 


109 ohms; 6 x 106 ohms; no. 23. (a) 0.3 A; 
2.9 V, (D) 3 A; 2.1 V. 24. 0.1 ohm. 25. (a) 0.28 
ohm, (b) 8.0 ohms. 

Chapter 14. (p. 162) 

1. (a) 4.8 x 10? J, (b) 1.4 x 10? J, (c) 1.9 x 
1083, (d) 3.8 x 10? J, (e) 2.9 x 10? J. 2. (a) 
4.8 x 10? J, (b) 1.9 x 10? J, (c) 1.9 x 10? J, 
(d) 4.8 x 10? J, (e) 1.9 x 103 J. 3. (a) 4.8 x 
10? J, (b) 1.2 x 10? J, (c) 2.4 x 10? J, (d) 4.8 
x 10? J, (e) 1.2 x 102 J. 4. (a) 20 ohms; 40 V, 
(b) 5.0 ohms; 20 V, (c) 80 ohms; 80 V, (d) 10 
ohms; 20 V, (e) 5 ohms; 10 V. 5. (a) 3 kWh, 
(b) 0.10 kWh, (c) 0.28 kWh, (d) 5.0 x 10? kWh. 
6. (a) 0.959C, (b) 0.48?C, (c) 1.9°C, (d) 0.48°C. 
7. (a) 2.3 x 102 V, (b) 1.2 x 102 V, (c) 1.2 x 10? 
V. 8.23 A. 9.25 A or 30 A. 10. (c). 11. (b). 
12. 7.86. 13. $3; 1.4%. 16. 296; 0.14. 18. (i) 2.2 
x 107 kWh, (i) 1.1 x 10? kWh. 19. 1%. 
20. 2596. 

Chapter 15. (p. 170) 

3. W to E. 7. New coil could support 142 N 
(assuming no change in current through wire). 


Chapter 16. (p. 179) 

5. 4950 ohms. 6. 2000 cars per hour. 7. 0.990 
ohm. 12. (a) 10° ohms, (b) 10-? ohm. 13. 10 
mA. 

Chapter 17. (p. 186) 


3. (a) (i) 10 units/sec, (ii) 20 units/sec, (b) (i) 10 
units/sec, (ii) 20 units/sec, (iii) 40 units/sec, (c) 
2 mA; 4 mA; 2mA; 4 mA; 8mA. 4.0.25 V. 5. (a) 
20 mA, (b) 10 mA. 10. (a) (i) 2.0 mA, (ii) 4.0 
mA, (b) 0.10 V, (d) 4.4 mA. 

Chapter 19. (p. 205) 

1. (a) 15 ohms, (b) 8.0 A, (c) 64 watts. 2. (a) 
50 A, (b) 5 A. 3. (a) 3.6 x 102 watts, (b) 3.6 
watts. 4. (a) 34 units, (b) 86 V. 5. (a) 240 V, 
(b) 60 V, (c) 1.2 V, (d) 2.4 x 103 V. 6. (a) 
1500 turns, (b) 1000 turns, (c) 12%, (d) 15%. 
8. (a) 1.9 x 108 kW, (b) 75 kW. 9. (a) 2.4 x 
10? watts, (b) 2.4 x 102 watts, (c) 1.0 A; 4.0 A; 
2.0 x 10? A; 0.10 A. 10, 1.3 x 10? V; 21 A. 
IEIS A. 


Chapter 20. (p. 209) 

2. (a) 10—49 N, (b) repulsion; speed of light. 
Chapter 21. (p. 225) 

2. (a) 1.5 sec, (b) 5.0 sec, (c) 0.60 sec, (d) 27.32 
days, (e) 1.7 x 10-2 sec. 3. (a) 30 paces/min, 
(b) 122 words/min, (c) 84.0 c/sec, (d) 2.5 bul- 
lets/sec. 4. (a) 0.040 sec, (b) 0.125 sec, (c) 2.0 
sec, (d) 3.3 x 10-8 sec. 5. (a) 10 c/sec, (b) 0.25 
c/sec, (c) 80.0 c/sec, (d) 2.0 x 10? c/sec. 

(a) 64 in, (b) 5.3 m. 7. 85 cm. 8. 2.5 x 107 
sec. 11. (a) 1.3 x 10? ft/sec, (b) 3.20 ft, (c) 3.2 
X 108 c/sec. 12. (a) 1.1 x 10? ft/sec, (b) 3.47 
x 10? m/sec. 13. (a) 6.40 x 10? c/sec, (b) 4.0 
x 10? c/sec. 14, (a) 5.3 ft, (b) 2.0 x 10-5 cm. 
16. (a) 2.4 cm, (b) 10 c/sec, (c) 24 cm/sec. 17. 
1.7 sec. 18. 0.36 m; 43 m/sec. 19. 3.5 x 10° 
m/sec. 21. (a) 4.00 ft, (b) (i) 1200 c/sec, (ii) 
1040 c/sec, (c) (i) 300 c/sec, (ii) 260 c/sec. 


Chapter 22. (p. 234) 

3. (a) 347 m/sec, (b) 326 m/sec. 4. 8.8 x 108 
m. $5. Aluminum—21 m, 51 m; copper—16 m, 
36m; lead—5.4 m, 13 m. 6. 3.15 x 10? m. 11. 
240 c/sec; 360 c/sec; 480 c/sec. 12. 800 c/sec. 
14. (a) 1.54 x 10? c/sec, (b) 48.0 c/sec. 15. (a) 
() 1.4 x 10? c/sec, (ii) 2.5 x 10? c/sec, (b) (i) 
60 cm, (i) 1.2 x 10? cm. 17. (a) 3.5 x 10? 
m/sec; (b) 2.50 m, (c) 0.50 m, (d) 0.30 m. 19. 
(a) 16 times, (b) (i) 1.92 x 10? c/sec; 36 N, (ii) 
96 c/sec; 9 N. 20. 3.20 x 10? c/sec. 21. 2.9 
x 10? c/sec. 22. 0.18 sec; 4.4 x 108 m/sec. 
23. 1.19 x 103 m. 


Chapter 23. (p. 245) 

2. 16 times. 3. 253 c/sec, 259 c/sec. 4. (a) 255 
c/sec, (b) 253 c/sec. 6. (a) 253 c/sec, (b) 255 
c/sec or 251 c/sec. 7. 57 c/sec. 11. (a) 40 in, 
(b) 80 in. 12. (a) 80 cm, (b) 4.2 x 10? c/sec. 
13. 3.5 x 10? m/sec. 14.1.2 x 102:c/sec, SIS. 
14 em; 43 cm. 16. 1.50 ft, 4.50 ft. 17. 86 cm. 
18. 1.1 x 103 ft/sec. 19. 1.0 x 10? c/sec; 3.0 
x 10? c/sec; 5.0 x 10? c/sec. 20. 3.5 x 10? 
m/sec, 21. (a) 2.1 x 10? c/sec, (b) 1.0 x 108 
c/sec. 22. (a) 6.2 x 10? c/sec; 1.2 x 103 c/sec, 
(b) 3.1 x 10? c/sec; 9.4 x 10? c/sec. 23. 310 
c/sec. 24. 4 beats/sec. 


Chapter 25. (p. 267) 

2. 12 ft/sec. 9. Let 2 cm (2.5 cm is possible) rep- 
resent | m. 10. (a) 2 m from mirror; 0.7 m high, 
(b) 3 m from mirror; 2.0 m high. 11.22 in. 13. 


40 in. 14. All but bottom 12 in; no. 15. 18 m 
from mirror; 17 cm. 

Chapter 26. (p. 277) 

2.42. 3.1.34. 4.1.7. x 108 m/seci 7.1.6. 
8.299, 9.1.7. 10.219. 11. 6795. 12. Nil, 


total internal reflection. 13. (a) 25°, (b) 50°. 14. 
(a) 1.4, (b) 1.9. 15. (a) 0.122, (b) 0.602, (c) 0.956, 
(d) 1.000, (e) 0.000, (f) 0.804, (g) 0.964. 16. (a) 
20°, (b) 30°, (c) 45°, (d) 829-84, (e) 61.39, (f) 
16.59, (g) 32.69. 18. (a) 1.8, (b) 30°, (c) 67°, 
(d) total internal reflection, (e) 1.4, (f) 35°. 19. 
349; 32°; 29, 20. (a) 56°; 56°, (b) 299; 31°; 
61°, (c) 5°. 

Chapter 27. (p. 286) 

3. 1 in 3.75. 6. (c) (i) 15 cm, (ii) 30 cm, (iii) 90 
cm, (iv) 210 cm. 7. (a) 1.2 x 10? em, (b) 2.5 
x 10-2 cm from F; 10.05 m. 8. 60 cm (virtual). 
9. (a) 0.25, (b) 1, (c) 2, (d) 1.7, (f) 5. 10. 12 cm 
(virtual); 10 cm (virtual); 7.5 cm (virtual) 12. 
4.0 cm. 13. 5.0 x 10—? cm. 14. 0.10 cm. 
Chapter 28. (p. 301) 

7. 20. 8. (a) f/16, (b) f/8, (c) 1/400 sec, (d) use 
aperture f/22. 

Chapter 29. (p. 306) 

2. (a) 10, (b) 70, (c) 1. 6. (a) 1.9 x 10-4 cm, 
(b) 5.8 x 10-7 m. 

Chapter 30. (p. 318) 

2. (a) 2, (b) 6, (c) 1. 3. (a) 10€, (b) 1¢. 6. (a) 
1.2 x 105 V, (b) 15 cm. 9. (a) 66 x 10—?8 J, 


ANSWERS 


(b) 6.6 x 10—?* J, (c) 2.0 x 10-19 J, (d) 66 x 
10—1* J, (e) 2.0 x 10-18 J. 10. (a) 6.0 x 1014 
c/sec, (b) 4.0 x 10-19 J. 13.2 x 10? to 1. 
14. 9.1 x 10—28 g. 15. 1.66 x 10—?* g. 16. 
1.8 x 109 to 1. 17. 1.6 x 10-3? J. 18.41 x 
10-15 eV.sec. 19.2.9 eV. 20.2.4 x 1014 c/sec. 
21. (a) 6.6 x 10-18 J, (b) 4.1 x 108 eV, (c) 4.1 
MeV. 22.2 x 101? c/sec; 10-11 m. 


Chapter 31. (p. 328) 

11. (a) 25, (b) 500. 14. (a) 1.0 eV, (b) 1.6 x 
10-19 J, (c) 6 x 105 m/sec. 15. 1.2 x 106 
m/sec. 


Chapter 32. (p. 336) 
7. 1.6 x 10* c/sec. 8. (a) 25 cm, (b) 1.3 x 103 
Mc/sec. 9. 1.5 Mc/sec. 


Chapter 33. (p. 347) 

1. 7.4 x 10? dis/sec; 0.20 curie. 2. 0.10 curie; 
5.0 x 10-? curie; 2.5 x 10-? curie; 2.5 x 
10-? g. 4. (a) 3.7 dis per sec per m?, (b) 2.22 
x 10? dis per min per m?, (c) 222 x 10-* dis 
per min per cm?. 5. 2 x 10? yrs. 6. 6 dis/min; 
3 dis/min. 9. (a) 7 weeks, (b) 4 weeks, (c) 2 
weeks, (d) 1 week. 10. (a) 14 weeks, (b) 6 weeks, 
(c) 4 weeks, (d) 2 weeks. 11. (a) 50%, (b) 30%, 
(c) 1696. 


Chapter 34. (p. 354) 

1.143 x 10-5em 2. L.1, x 10-* cm. 3 (6). 
4. (c). 5. (b). 6. —3.4 eV; —1.5 eV; —0.85 eV; 
—0.14 eV. 7. 1.9 eV; 2.6 eV. 8. 12.1 eV. 9. 
13.6 eV. 11. 21 x 10-8 cm; 4.8 x 10-5 cm; 
53 x 10-7" em. 15. (a) 3.6 x 10—1? cm, (b) 
6.0 x 10-13 cm, (c) 7.2 x 10-18 cm. 16. (a), 
(b) and (c) 1.4 x 1088 u/cm3; 2.3 x 1017 kg/m’. 


Chapter 35. (p. 361) 

9. 1.8 x 10-7? cm; 1.0 x 10-10 em; 5.8 x 10-12 
cm. 10. Al. 11. 42 eV. 12.14 eV. 13. 3.9 
eV; 12 eV. 14. (a) 118th, (b) 168th. 15. About 
40 eV. 17. 2.3 x 10-? cm; 3.8 x 10-1? cm; 
2.3 x 10-19? cm. 


Chapter 36. (p. 366) 

1. 15:0::1,1:12,/2; 3; 4:7505/85187:85 10:17 418; 
3. 108. 4. 63.6. 5. 10. 6.203. 7. 1.1 g/cm’, 
8. 1.2 g/cm?. 


Chapter 37. (p. 374) 
2. 1.4 x 10!? yr; no. 5. (a), (c) and (f). 6.0.0035 
u, 5.8 x 10—30 kg; 0.0044 u, 7.3 x 10-30 kg. 
25:5.2-». 107-15: A x 1071 T0836 X 
10-18 J. 9. 3.3 x 105 kg 3.6 x. 10* tons: 
6 x 10-18%. 11. 1.67 x 10-27 kg; 6.64 x 
10-27 kg; 4.48 x 10-26 kg; 4.97 x 10-26 kg. 
13. 8.2 x 1014 J. 14. 60 x 10!5J, 15.3.6 x 
109! J. 
Chapter 38. (p. 385) 
6. 3.7 x 101? dis/sec. 
32g. 11.2 x 10*. 
Chapter 39. (p. 389) 
3. (a) 1071? m, (b) 10-34 m. 4. 3.3 x 10-3? kg. 
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9. 200; 1.5 x 10? m. 10. 
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Absolute zero, 28 
Absorption of radiation by atoms, 
351, 353-4, 358-9 
Acceleration, 41, 43, 55-63 
algebraic representation, 55-6 
and force, 72-3 
definition, 55 
due to gravity, 74, 77, 80-1, 84 
graphical representation, 57-8 
vector representation, 56 
Accommodation of eye, 292-3 
Accuracy of measurements, 8-9 
Acoustics, 227 
Action and reaction, 76-7 
Activity, 345-6, 382 
Adams, John C., 85 
Aepinus, Franz U. T., 127 
Aeroplane, lift on, 112-15 
Air columns, 242-4 
Algebra of units, 11-13 
Alpha particles, 341, 342, 344, 349- 
350, 362, 364, 367-8, 383, 390-1 
Alternating current, 190, 197-8 
Alternating current generator, 194-5 
Amber effect, 125 
Ammeter, 144, 178-9 
Ampère, André M., 5 
Ampere, unit of electric current, 
141 
Amplification, 325-6, 330, 331, 336 
Amplifier, 331, 332, 335, 377 
Amplitude, 214, 217 
Amplitude modulation, 331-2 
Anode, 323, 324, 325-6, 327 
Antenna, 331, 332, 336 
Anti-matter, 392 
Antinode, 222, 242-4 
Anti-proton, 392 
Aperture, 289-90 
Archimedes, 90 
principle, 91-5 
Aristotle, 4, 68, 69, 80 
Armature, 172, 193 
of relay, 173 
of generator, 188, 189-99 
Aston, F. W., 363 
Astronomical refractor, 297.8 
Atomic mass, 340-1, 351, 362, 367-8, 
398, 400 
number, 362, 364, 400 
unit, 340 
Atomic number, 341, 351, 355, 362, 
363, 367-8, 398, 400 
Atomic structure, 340, 348-50, 356 
Atomic theory of matter, 4-5, 340 
Atoms, 5-6, 340 
absorption of radiation, 351, 353- 
4, 858-9 
combination, 6, 129, 360 
emission of radiations, 349, 350, 
351, 353-4, 358-9 
radii of orbits, 351-2, 400 
table of properties, 400 
Audio frequency, 331-3 
Aurora, 337, 394 
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Avogadro's number, 28, 314, 341, 
390-2, 396 
Axis (principal) 
of lens, 281 
of mirror, 263-4 


Background radiation, 381 
Balance 

equal arm, 86, 91 

spring, 86 
Baseball, curve of, 115-16 
Beats, 238-40 
Becquerel, Henri, 311, 341 
Bel, unit of sound intensity, 229 
Bell, Alexander G., 229 
Bernoulli, Daniel, 114 
Bernoulli's principle, 113-16 
Beta particles, 341, 342, 364, 376-7, 

378, 379, 382 

Betatron, 381, 383-4 
Binoculars, 299-300 
Black, Joseph, 4-5 
Bohr, Niels, 310, 351 
Bohr orbits, 351-4, 355, 388 
Bohr theory of hydrogen, 351-3, 356 
Boiling, 24 
Bradley, James, 248 
Bragg, Sir William H., 317 
British thermal unit, 32 
British units, 9-10 
Broadcasting, 331-6 
Brown, Robert, 27 
Brownian motion, 27-8 
Brushes, 188, 189, 192, 193 
Buoyancy and pressure, 89-90 
Buoyant force, 89, 91, 92, 94, 95 


Cabeo, Niccolo, 126 
Calorie, unit of heat energy, 32, 112 
Calorimeter, 34-5, 36, 37, 111, 158-9 
Camera, 288-90 
Camera tubes, television, 334-6, 389 
Carbon dating, 345-6 
Carbon-nitrogen cycle, 370 
Carrier, 330, 331-2, 334 
Casimir, Hendrik B. G., 15, 197 
Cathode, 312, 323, 325-6, 327 
Cathode rays, 312-13 
ue ray tube, 312-13, 326-8, 395, 
336 
Cavendish, Henry, 84-5 
Cells, electric, 140-1 
Celsius scale, 25, 98 
Centigrade, see Celsius scale 
Centimetre, unit of length, 10 
CGS units, 9-10 
Chain reaction, 371-2 
Changes of state, 23-4, 121-2 
Characteristics of sound, 229-31 
Charge, electric, 141, 207-8 
conservation, 6, 127, 134, 145, 390 
elementary, 136, 137, 138, 141, 396 
on electrons, 128-9 
Charging 
by conduction, 134 


by induction, 130-3, 134 
by separation, 133 
Chemical binding, 360, 393 
Choroid, 291 
Chromatic aberration, 295 
Cloud chamber, 350, 377-9 
Cockcroft, Sir John D., 369, 383 
Communication, 330-1 
by picture, 333-6 
by voice, 331-3 
Commutator, 191-2, 193 
Compression, 217-18, 227, 236-9, 242 
Compton, Arthur H., 386-7 
Conduction of electricity 
. in gases, 311-12, 314 
in metals, 147-53 
Conduction of heat, 26-7, 211 
Conductors, 130-4, 147 
Cones in eye, 291-2 
Conservation principles, 390 
electric charge, 6, 127, 134, 145, 
390 
energy, 108, 109-17, 120, 145, 
184-5, 186 
heavy particles, 367-8, 390 
in electromagnetic induction, 
184-5, 186 
light particles, 390 
mass, 5, 117 
mass-energy, 116-17, 368, 370, 390 
momentum, 387 
Constants, list of physical, 396 
Control rods, 372 
Convection of heat, 26 
Coolant, 373 
Cooling systems, 38 
Copernicus, 4 
Cornea, 291-2 
Cost of electricity, 160 
Coulomb, Charles A., 5, 136 
Coulomb's law, 136 
Coulomb, unit of electric charge, 
136, 137, 138, 141 
Crest of wave, 217, 218, 221, 222-4 
Critical angle, 273 
Critical size of uranium, 372 
Crookes, Sir William, 312 
Curie, Pierre and Marie, 341 
Curie, unit of radioactivity, 345 
Current, electric, 141 
alternating, 190, 194-5, 197-8 
direct, 190-2 
magnetic effects, 164-7, 173-5 
production of, 141, 188-92, 384 
Cycle, 214 
Cyclotron, 383 


Dalton, John, 340, 341 

Davy, Sir Humphrey, 340 

de Broglie, Prince Louis, 386-8 

Deceleration, 41, 59-60 

Decibel, 229-30 

Deflection of electrons 
electrostatic, 313, 327-8 
magnetic, 312, 313, 327, 334-5 


Democritus, 4 
Demodulation, 330 
Density, 92-6 
and specific gravity, 92-4 
relative, 92 
table, 93, 397 
Descartes, René, 276 
Detection, 330, 332-8, 336 
Deuterium, 363-4, 369, 370 
Deuteron, 368, 369, 383 
Diaphragm of camera, 289-90 
Diffraction grating, 305 
Diffraction of light, 255-7 
Diode, 323-5, 332 
Dirac, Paul A. M., 393 
Direct current, 190-2 
Direct current generator, 190-2 
Direct current meters, 175-9 
Direct current motor, 193-4 
Direction of electron motion, 165, 
166, 189-90, 204-5 
Direction of electrons in electromag: 
netic induction, 185-6 
Direction vectors, 42-3 
Discovery of Neptune, 85-6 
Dispersion of light, 251, 276-7 
Displacement, 43, 57-8 
Distance, 42, 43 
Distance-time graphs, 48-50 
Distribution of electric energy, 201, 
202-3 
Dry cell, 140 
Dufay, Charles F., 126 
Dynamics, 66 


Earth, mass of, 82, 84-5 
Einstein, Albert, 86, 116, 309-10, 
321-2, 368 
Electric bell and buzzer, 173: 
Electric charge, 128, 207-8 
conservation, 127, 134, 145, 390 
elementary, 136, 137, 138, 141, 396 
units, 136-8, 141 
Electric circuits, 148-5 
Electric current, 141 
production, 140-3 
Electric fields, 134-6, 207-8, 303, 306, 
313 . 
Electric meters, 175-9 
Electrical energy, 104, 122, 142-3, 
156-7, 158-60, 188-92, 193, 207 
and heat, 158-9 
cost, 160-1 
distribution, 197-204 
generation, 188-92 
Electrical potential difference, 142- 
3, 147 
Electrical power, 156-7, 160 
preemia structure of matter, 128- 
Electromagnetic energy, 207-8 
Electromagnetic induction, 
. 185-6, 189 
in transformers, 204-5 
Electromagnetic radiation, 27, 302- 
6, 318 
Electromagnetic spectrum, 303-5 
Electromagnetic theory of Maxwell, 
207-8, 309, 310 
Bal ima waves, 208, 302.3, 


182-4, 


Electromagnets, 172-3 
Electron, 5-6, 127, 128-34, 157-8, 174, 
181, 334-6, 337, 339, 341, 386-8, 
390, 392, 396 
charge, 128-9, 141, 313-15, 369 
energy levels in atoms, 352-4 
gun, 327, 334, 335 
in atoms, 5-6, 128-31, 348-9, 355 
mass, 313-15 
mass/charge fraction, 313-15, 320 
Electron emission, 320, 323 
field, 320, 322 
photoelectric, 320-2 
secondary, 320, 322 
thermionic, 320, 322-3 
Electron orbits in atoms, 351-4, 356- 
358 
Electron shells, 5-6, 356-8, 399 
Electron tubes, 323-8, 376, 377 
Electron-volt, unit of energy, 318-19, 
369 
Electroscope, 376 
Electrostatic induction, 130-4 
Elementary electric charge, 136, 137, 
138, 141, 396 
Elements, 340 
and atoms, 340-1 
list, 398 
periodic table, 341, 342, 356-8, 
362-5, 371, 899 
transmutation, 342, 368 
trans-uranic, 373 
Emission of electrons from metals, 
320-3 
Emission of radiation from atoms, 
349, 350, 351, 353-4, 358-9 
Emulsion in photographic film, 288 
Energy, 99-106, 140-1, 211-12, 390 
and mass, 116-17, 368, 370, 390 
conservation, 108, 109-117, 120, 
145, 184-5, 186 
electrical, 104, 122, 142-3, 156-7, 
158-60, 193, 201, 207 
electromagnetic, 207-8 
heat, 32, 109, 158-9 
internal, 109-11, 120-1 
kinetic, 102-3, 109, 120, 121, 122 
mechanical, 99-105, 112, 120, 193 
nuclear, 122, 370, 384 
potential, 103-5, 109, 120, 121-2 
radiant, 141 
Energy exchange, 109-12, 335-6 
Energy levels in atoms, 352-4 
Energy relations for a pendulum, 
108-9, 110 
Energy transfer, 211-12, 335-6 
Epicurus, 4 
Erecting lens, 298-9 
Ether, 257, 305-6 
Euclid, 4 
Evaporation, 23-4 
Excitation of atoms, 353 
Expansion of matter, 22-3 
Experiments of 
Archimedes, 90-1 
Becquerel, 311, 341 
Cavendish, 84-5 
Cockcroft and Walton, 369 
Compton, 386-7 
Crookes, 312 
Curie, 341 
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Dufay, 126 
Faraday, 181 
Galileo, 63 
Gilbert, 125-6 
Gray, 126 
Hertz, 302-3 
Joule, 112 
Michelson, 248 
Millikan, 136-7, 315 
Newton, 251-2 
Oersted, 164 
Ohm, 149 
Perrin, 28, 390 
Roentgen, 315-16 
Rutherford, 349-50, 367 
Rutherford and Soddy, 342 
Thomson, $11, 313, 314, 341, 348 
Young, 254-5, 305 

Eye, human, 290-3 


f/ numbers, 290 
Fall-out, 382-3 
Faraday, Michael, 181, 186, 188, 198, 
207, 386 
Far-sightedness, 293 
Ferromagnetic elements, 168 
Field 
electric, 134-6, 207-8 
gravitational, 83-4 
magnetic, 164-5, 166, 172, 173-5, 
182-3, 185, 207-8 
Field emission, 320, 322 
Field magnet, 189 
Fission of nuclei, 117, 371-3 
Fizeau, Armand, 302 
Flashlight, 140 
Flotation, law of, 95 
Floating in liquids, 94-6 
Flow of fluids, 112-15 . 
Fluid, buoyant force of, 89-90, 91 
Fluid flow, 112-15 
Focal length 
of lens, 281 
of mirror, 263 
Focal plane, 281 
Focus 
of lenses, 281 
of concave mirrors, 263-4 
virtual, 283 
Foot, unit of length, 10 
Force, 43, 66 
and acceleration, 72-3 
buoyant of fluids, 89, 91, 92, 94, 
95 
electric, 128, 137 
electromagnetic, 172-9 
frictional, 67-8 
magnetic, 164, 168-70, 173-5, 181- 
2, 207 
nature, 66-7 
of gravity, 74 
reaction, 76-7 
without motion, 67-8 
Foucault, J. B. Léon, 248 
FPS units, 9-10 
Franklin, Benjamin, 5, 126-7 
Free electrons in metals, 129-30 
Frequency, 214, 219-20, 227, 229, 
230, 231-3 
Frequency modulation, 331 
Fresnel, Augustin, 5, 255 
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Friction, 67-8 
Fundamental, 230-1, 242-4 
Fusion of nuclei, 369-71 
Galileo Galilei, 4, 7, 63, 69, 80, 215, 
247-8, 297, 298 
Galle, J. G., 86 
Galvanometer, 176-8 t 
Gamma rays, 305, 341, 342, 379-80, 
381, 382, 392 
Geiger counter, 377, 378, 379 
Geissler, Heinrich, 312 
Generation of electric energy, 188- 
192 
Generator, electric, 188-92, 194-5 
Geological dating, 346 
Gilbert, William, 2, 125-6, 164 
Gramme, Z. T., 193 
Gram, unit of mass, 10 
Graphs, 11, 12 
distance-time, 48-50 
for acceleration, 57-8 
heat-temperature, 35 
molecular speeds, 28 
speed-time, 47-8 
vapour pressure, 24 
Gravitation, 74, 80-7 
constant, 82, 84-5, 396 
principal of universal, 81-2, 83, 
135-6 
Gravitational field of earth, 83-4 
Gravity, 74, 80-7 
acceleration due to, 74, 77, 80-1, 
84 
force of, 74, 80-7 
Gray, Stephen, 126 
Grid, 325-6, 331, 335, 336 


Half-life, 344-6 
Heat, 21-9, 32-8, 112, 121-2 
and electrical energy, 158-9 
and electron motion, 157-8 
and molecular motion, 25, 38 
and temperature, 24-5, 35, 121 
capacity, 32, 396 
conduction, 26-7 
convection, 26 
energy, 32, 109, 158-9 
latent, 23, 35-7, 396 
measurement of, 33 
properties, table, 396 
radiation, 27 
units, 32 
Heater of vacuum tube, 323-6 
Heating systems, 38 
Heavy water, 364, 373 
Helmholtz, Hermann von, 5, 186 
Herschel, Sir William, 85 
Hertz, Heinrich, 302-3, 320 
Horse-power, 105 
Huygens, Christian, 253-4 
Hydrometers, 96 


Image, 
real, 265, 266, 285, 288, 296 
virtual, 260, 261, 265, 266, 267, 
285, 296 
Index of refraction, 270-1, 271-3, 
275, 303 
table, 271, 397 
Induced charges, 133 
Induced magnetism, 167-8, 169 
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Induced potential difference, 183-4 
Induction 
electromagnetic, 182-4, 185-6 
electrostatic, 130-4 
magnetic, 167-70 
Induction coil, 200-1, 303, 311 
Inertia, 69-72 
law of, 69 
Infrared radiation, 304-5 
Insulators, 131 
Intensity of sound, 229, 230 
Interference, 221 
constructive, 221-2, 237, 239 
destructive, 221-2, 237, 239 
of electrons, 386 
of light, 254-7 
of radio waves, 240 
of sound, 236-40 
of waves, 222-4 
of x-rays, 317, 386, 391 
pattern, 221, 222-3, 386 
Interlaced scanning, 334 
Internal energy, 109-1f 
Ion, 127, 153, 338, 391 
positive, 129, 130, 153, 386-9, 376 
Tonization, 338, 853, 376-7, 381 
energy, 353, 355-6 
of elements, 400 
Ionosphere, 338 
Iris, 290-2 
reflex, 292 
Isotopes, 340, 346, 363, 368, 373, 
380, 382, 398, 400 


Joule, James P., 5, 100, 112 
Joule, unit of energy, 100, 102, 105, 
156 
relation to calorie, 112, 159 
Jupiter, 4, 248, 297 


Kelvin, Lord, 28 

Kelvin scale, 25, 28, 121 

Kepler, Johann, 4 

Kilogram, standard of mass, 10, 92 

Kilowatt-hour, 105, 160 

Kinematics, 41, 66 

Kinetic energy, 102-3, 109, 120, 122, 
140 

and temperature, 121 

Kinetic-molecular theory, 21-2, 27, 
121 

Kinetic theory of gases, 121 

Kohlrausch, F. W. G., 302 


Latent heat, 35 
and potential energy, 121.2 
of fusion, 23, 35, 396 
of vaporization, 35, 36, 37, 396 
Lauwe, Max von, 317 
Lavoisier, Antoine, 340 
Law of 
Coulomb, 136 
flotation, 95 
inertia, 69 
Lenz, 186, 189-90, 204-5 
motion, first, 69 


second, 73 
third, 76 
Ohm, 149-53 


reflection, 250, 260, 261 
refraction, 251, 272 


Snel, 251, 272, 275-6 
See also Conservation principles 
Leeuwenhoek, Antony van, 295 


Left hand rules, 165, 166, 189-90, 
204-5 

Lenard, P. E. A., 315 

Lens, 280 


concave, 283 
convex, 282-3, 284, 294 
cylindrical, 280 
erecting, 298-9 
eyepiece, 296, 297, 298-9, 300 
magnifying, 294-5, 296, 297 
objective, 296, 297, 298-9, 300 
of eye, 290-3 
spherical, 280-1 
thin, 281-2 
Lenz, gH.’ F. E., 186 
Lenz's law, 186, 189-90, 204-5 
Leverrier, U. J. J., 85, 86 
Light 
diffraction, 255-7 
dispersion, 251, 276-7 
reflection, 249, 250, 254, 259-67 
refraction, 250-1, 253, 254, 969-77 
sources, 247 
speed, 116, 117, 247-9, 387, 396 
theories, 251-3, 253-4, 255, 257 
transmission, 247-9 
Lightning, 311 
Longitudinal wave motion, 217-19 
Loop, see Antinode 
Loudness, 229, 231 
Loudspeaker, 175 
Lucretius, 4 


Magnetic field, 164-5, 166, 172, 173- 
175, 182-3, 185, 207-8, 303, 306, 
313 
of bar magnet, 166-7 
of coil, 166-7, 175-7 
of conductor, 164-6, 173-5 
Magnetic field strength, 164-5, 168 
Magnetic forces, 164, 168-70, 173-5, 
181-2, 207 
Magnetic permeability, 168 
table, 397 
Magnetism, 125, 164-70 
induced, 167-8, 169 
Magnification, 266, 283, 294-5, 297, 
298, 299 
Magnifier, 294-5, 296, 297 
Magnitudes 
in electromagnetic induction, 183- 
184 
of magnetic fields, 168-9 
of physical quantities, 7-8 
scalar, 42-3 
Mars, 4 
Mass, 10, 72 
and energy, 116-17, 368, 370, 390 
and weight, 86-7, 91-2 
conservation, 5 
of earth, 82, 84-5 
of electrons, 318-15 
Mass/charge ratio 
for alpha particles, 341 
for electrons, 313-15, 320 
for hydrogen ions, 314 
Mass number, atomic, 362, 364, 400 
Mass unit, atomic, 340 


Matter, molecular theory of, 21-2 
Matter waves, 386 
Maxwell, James C., 5, 207-8, 302-3, 
305, 309 
Mechanical energy, 99-105, 112, 193 
Mechanical equivalent of heat, 112, 
159 
Melting, 23 
Mendeleev, Dmitri, 341, 356 
Mesons, 365 
Methods of science, 1-4 
Meters, electric, 175-9 
Metre, standard of length, 10 
Metric prefixes, 10 
Metric system of measurement, 9-10 
Michelson, Albert A., 248, 309 
Microphone, 228, 330, 331 
Microscope 
compound, 295-6 
simple, 294-5 
Microwaves, 304 
Millikan, Robert A., 136-7, 315, 322 
* Mirror 
concave, 262-7 
convex, 267 
plane, 259-61 
MKS units, 9-10 
Moderator, 378 
Modes of vibration, 230 
Modulation, 330, 335-6 
Mole, 340-1, 391, 396 
Molecular motion, 22-8, 38, 218 
Molecular structure, 27-8, 130-1 
Molecule, 22-3, 27-8, 341, 393 
Momentum, 387 
Motion, 41-2 
definition, 42 
Newton's laws, 69-72, 73, 76-7, 
81, 82, 309-10, 378 
rectilinear, 55, 60, 66, 73 
types, 41-2 
without force, 68-9 
Motor, electric, 193-4 
Motor principle, 175 
Musical instruments, 231-3, 244 
Musical tone, 228-9 


Natural frequency, 230, 241, 337 
of air columns, 242-4 
of strings, 231-3, 240 
Nautilus, U.S.S., 384 
Near-sightedness, 293 
Neptune, 85-6 
Neutron, 5, 369-5, 367-8, 369, 371-3, 
374, 380, 382, 390 
Newton, Sir Isaac, 4, 24, 73, 76, 80, 
81-0, 155/2513 1250, geo bee, 
309, 388, 395 
Newton, unit of force, 73, 74, 81, 92 
Newton's laws of motion, 309-10 
first, 69-72, 73, 81 
second, 73, 81 
third, 76-7, 82, 378 
Newton's principle of gravitation, 
81-2 
Newton's theory of light, 251-3, 257 
Node, 221, 222-4, 949.4 
Nodal lines, 223, 240 
Noise, 228-9 
Nuclear atom model, 348 
Nuclear binding, 364-5 


Nuclear energy, 122, 370, 384 
Nuclear fission, 117, 371-3 

Nuclear fusion, 369-71 

Nuclear machines, 365, 368, 383-4 
Nuclear reactions, 367-9 

Nuclear reactor, 364, 372-3, 382, 384 
Nuclear stability, 364 

Nuclear structure, 362-5 

Nucleons, 5 

Nucleus, 5, 6, 348-51 


Objective lens 
of microscope, 296 
of telescope, 297-9 
Octave, 229, 303 
Oersted, H. C., 164, 207 
Ohm, Georg S., 149 
Ohm, unit of electrical resistance, 
148 
Ohm's law, 149-53 
Opera glasses, 297, 299 
Optic nerve, 292 
Optical instruments, 285 
Orbits of electrons in atoms, 351-4, 
356-8 
Oscillator, 331, 385 
Oscilloscope, 228-9, 231, 327-8 
Overtones, 230-1, 242-4 


Parabola, 262 
Particle theory of light, 251-3, 257 
Particles 
of matter, 5-6 
of light, 253 
Pendulum, 108-9, 110, 215 
Period of vibration, 214, 215, 219-20 
Periodic motion, 214 
Periodic Table, 341, 342, 356-8, 
362-5, 371, 399 
Permeability, magnetic, 168, 189 
table, 397 
Perrin, Jean, 28, 390, 392 
Phase, 214, 216 
Photoelectric emission, 320-2 
Photoelectric equation, 329 
Photo-electrode, 321, 334-5 
Photographic films, 288-90 
Photon, 310, 317, 322, 338, 339, 386, 
387, 392 
Physics, 1, 393 
classical, 4-5, 309-10, 386, 388-9 
high energy, 374 
modern, 3, 5-6, 309-10, 388-9 
rise of, 4-5 
Pitch, 229, 233 
Planck, Max, 309-10 
Planck's constant, 310, 317, 396 
Plate of vacuum tube, 323-4, 331 
Pluecker, Julius, 312 
Poincaré, H., 1 
Positron, 364, 369-70, 390, 392 
Potential difference, electric, 142-3, 
147, 183-4 
Potential energy, 103-5, 109, 120 
and change of state, 121-2 
Pound, unit of mass, 10 
Power, 105-6 
and electric current, 156-7 
Power frequencies, 303 
Power in transformers, 201, 204 
Power rating of electrical appli- 
ances, 160 
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Powers of ten, 7-8 
Pressure, 89-90 
and boiling point, 24 
and buoyancy, 89-90 
of fluids at rest, 89-90 
of fluids in motion, 112-15 
vapour, 23-4 
Primary cell, 140, 141 
Primary coil of transformer, 199, 
900-1, 201-5 
Principle of 
Archimedes, 91-5 
Bernoulli, 113-16 
gravitation, 81-2, 83, 135-6 
motor, 175 
See also Conservation principles 
and Laws 
Prisms, 251, 252, 276-7, 303 
in binoculars, 299-300 
in periscope, 273-4 
Projector, 294, 295 
Proton, 5, 128, 136, 362-3, 364-5, 
367-9, 869-70, 374, 383, 384, 
390, 392, 396 
Prout, William, 362 
Pulse, 215 
Pupil of eye, 290, 292 


Quality of sound, 230-1 
Quantum, 310 
theory, 310, 388 


Rad, unit of radiation dose, 381 
Radar, 304 
Radiant energy, 141, 390 
Radiation 
background, 381 
detection, 376-8 
electromagnetic, 27, 302-6, 313 
hazards, 381-2 
heat, 27, 305 
infrared, 304-5 
medical uses, 316-17, 376, 380-1 
protection, 382 
therapy, 381 
ultraviolet, 304-5, 320, 338 
visible, 304-5 
Radio, 303, 320, 323, 331-3 
Radio frequencies, 303-4, 331-3 
Radio waves, 266-7, 309-8, 303-4, 
320, 334-5, 338 
Radioactive decay, 342, 344-5, 367, 
373 
Radioactivity, 341-2, 343, 344-6, 363- 
364, 373 
Radiograph, 380 
Radio-isotopes, 376, 378-9, 380-1, 382 
Rarefaction, 217-18, 297, 936-9, 249 
Reaction forces, 76-7 
Reactor, nuclear, 364, 372-3, 382, 384 
Real image, 265, 266, 285, 288, 296 
Receiver, 330 
Rectification, 191-2, 324-5, 332 
Rectifier, 191, 332 
Reflection 
of light, 249, 250, 254, 259-67 
of waves, 254, 308 
total internal, 273-4, 299 
Refraction, 250-1, 253, 254, 269-70, 
271-7, 280, 303 
index, 270-1, 271-3, 275, 303 
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table, 271, 397 
of light, 250-1, 253, 254, 271-7 
of waves, 269-70, 280, 303 
Snel's law, 251, 272, 275-6 
Refractor, astronomical, 297-8 
Relations and graphs, 11-12 
Relative density, 92 
Relative velocities, 50-1 
Relativity, theory of, 809-10, 888-9 
Relay, 173 
Resistance, electric, 147-53 
Resistivity, 152 
table of, 152 
Resistors, electric, 150-1 
Resonance, 241-4, 337 
Resultant, 43 
Resultant displacement, 43-4 
Retina, 290-3 
Roentgen, Wilhelm, 310, 315-17 
Rise, 49 
Rise of physics, 4-5 
Rods in eye, 291-2 
Roemer, Ole, 248 
Roentgen, Wilhelm, 310, 315-17 
Run, 49 
Rutherford, Ernest, 
367, 368 


342; 


Savannah, M.V., 385 
Scalar, 42-3 
Scanning in television, 334-5 
Scintillation counter, 377, 380, 391 
Sclera, 290-1 
Second, unit of time, 10 
Secondary cell, 140, 141 
Secondary coil of transformer, 199, 
200-1, 201-5 
Secondary emission, 320, 322 
Semi-chord, 272 
Shielding material, 382 
Short-sightedness, 293 
Shunt resistance, 178-9 
Shutter of camera, 290 
Signal, 330, 331, 333-5, 336 
Sine of an angle, 195, 274-7 
table, 400 
Sink of heat, 38 
Slip rings, 188, 189 
Snel, Willibrod, 251, 272, 975.6 
Snel's law, 251, 272, 275-6 
Soddy, Frederick, 349, 363 
Sound 
characteristics, 229.31 
origin, 227 
speed, 228 
transmission, 227-8 
Source of heat, 38 
Sources of light, 247, 358-9 
Speaker, electric, 175 — . 
Special theory of relativity, 309-10 
Specific gravity, 92-6 
Specific heat capacity, 32, 396 
Spectrum, 304-5, 341-2, 358 
electromagnetic, 303-5 
of energy of particles, 392 
visible, 251, 257, 277, 304-5 
Speed, 42, 43, 44 
and velocity, 44-7 
from a distance-time graph, 48-50 
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of light, 116, 117, 247-9, 387, 396 
of sound, 228 i 
Speed-time graphs, 47-8 
Stability of pere 364 
Standing waves, 223 
States of matter, 21 
Stoney, G. J., 314 
Stretched string, 231-3, 240 
Structure 
of atoms, 340, 348-50, 356 
of metals, 128-30 
of nuclei, 362-5 
Sublimation, 85 
Symbols 
for electrical devices, 143 
for physical quantities, 10-13 
Synchrotron, 374, 384 
Systems of units, 9-10 


Technology, 393-4 
Telegraph sounder, 172-3. 
Telescope, 297-300 

astronomical, 297-8 

Galilean, 297, 298 

reflecting, 264-5, 297 

refracting, 297-9 

terrestrial, 298-9 
Television, 323, 327, 333-6 
Telstar, 394 
"Temperature 

and heat, 24-5, 35 

and kinetic energy, 121 

Celsius scale, 25, 28 

Kelvin scale, 25, 28, 121 
Terrestrial telescope, 298-9 
Theory of relativity, 309-10, 388-9 
Thermal expansion, 22-3 
Thermionic emission, 320, 322-3 
Thin lens, 281-2 
Thomson, J. J., 311, 818, 314, 841, 

348-50, 374 

Time, 10 
Total internal reflection, 273-4, 299 
Tracer techniques, 378-9 
Transfer of heat, 26-7 

by conduction, 26-7 

by convection, 26 

by radiation, 27, 305 
Transformer, 198, 199-201, 201-5 
Transformer relations, 201, 204 
Transmission of electric energy, 

197-8 

Transmission of light, 247-9 
Transmitter, 330 
Transmutation of elements, 342, 368 
Trans-uranic elements, $73 
Transverse wave motion, 215-17 
Triode, 325-6, 331 
Trough of wave, 217, 218, 221, 229-4 
Tuning, 330, 337 
Tuning fork, 218, 236-8, 238-40 
Types of motion, 41-2 


Ultra-high frequencies, radio, 304 

Ultraviolet radiations, 304-5, $20, 
338 

Unit manipulation, 10-13 

Unit systems, 9-10 

Units of electric charge, 136-8, 141 


Units of force, 73-4, 92 
Universal gravitation, 81-2, 83 
Universal wave equation, 219-20 
Uranus, 85-6 


Vacuum tubes, 323-6 
Van de Graaff generator, 383 
Vaporization, 23-4, 38 
latent heat, 24, 35, 36, 37, 38 
Vapour pressure, 24 
Variation, 12 
Vector addition, 45 
Vectors, 42-3, 56, 66 
Velocity, 43, 45 
a vector, 43 | 
and speed, 43, 44-7 
of wave motion, 219-20 
Vertex of concave mirror, 263 
Vibration modes, 230 
Vibrations, 218-15 
amplitude, 214, 217 
angular, 213-15 
frequency, 214, 219-20, 227, 229, 
230, 231-3 
linear, 218-15 
period, 214, 215, 219-90 
phase, 214, 216 
Vidicon camera tube, 339 
Virtual focus, 288 
Virtual image, 260, 261, 265, 266, 
267, 285, 296 
Volt, unit of electric potential dif- 
ference, 143 
Volta, Alessandro, 5 
Voltage, 142-3, 194.5 
Voltage in AC generator, 194-5 
Voltaic cell, 140 
Voltmeter, 144-5, 177-8, 190 


Walton, E. T. S., 369, 383 
Watson, William, 126-7 
Watt, unit of power, 105, 157 
Wave equation, 219-20, 269, 271 
Wave front, 220-1, 236-7, 240, 253-4 
Wave mechanics, 387 
Wave motion, 212, 213-24 
longitudinal, 217-19, 227 
transverse, 215-17 
velocity, 219-20, 269-71 
Wave theory of light, 253-4, 255 
Wavelength, 216-17, 219-20, 242-4, 
257, 269, 271, 303, 386 
Waves, electromagnetic, 208, 302-3, 


Weber, Wilhelm, 302 


Weight, 81 

and mass, 81, 86-7, 91-2 
Weisskopf, V. F., 374 E 
Work, 99-102 


and energy, 99, 100, 101, 102, 104, 
105 
Work function, 320, 322, 323 


X-rays, 305, 311, 315-17, 341, 379-80, 
381, 382, 386, 387 
interference, 317, 386, 391 
production, 315-16, 317, 359-60 


Young, Thomas, 5, 254-5, 305 
Yukawa, Hideki, 365 


M.K.S. UNITS 
m 

kg 

sec 

m/sec 

m/sec? 


N or kg.m/sec? 


OTHER UNITS 


metre 

kilogram 

second 

metre per second 


(metre per second) per 


second 
newton 


calorie 

cycle per second 
centimetre 
cubic centimetre 
degree 

degree Celsius 
degree Kelvin 
electron-volt 
foot 


gram 


METRIC PREFIXES 


See p. 10. 


ABBREVIATIONS 


J or Nm 


or kg.m?/sec? 
W or J/sec 


Cc 


A or C/sec 


V or J/C 
Q or V/A 


joule 


watt 
coulomb 
ampere 
volt 
ohm 


hour 
kilowatt-hour 
litre 

pound 

mile per hour 
mile 

minute 

atomic mass unit 
yard 
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